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Whenever a type of curve comes into general use for graphical purposes, 
it is of convenience to have a type of grid or coérdinate paper on which 
the curve will plot as a straight line and from which the parameters of the 
curve may be read. We have long had semi-logarithmic and double 
logarithmic grids for the curves y = Ae”™ and y = Ax”, and more recently 
we have arithmetic and logarithmic probability paper! for the probability 
curve (2)'”ay = exp (—x?/20?) and its transform (2r)'”cy = exp 
[— (log «—log xo)?/207]. For probability paper it is not the curves them- 
selves but their integrals which become straight lines. This has some 
statistical advantages (as well as disadvantages) in that the fluctuations 
from class to class are somewhat masked by the cumulative summation. 

As an illustration of probability paper we give the growth of .the great 
epidemic of scarlet fever? in Providence, R. I., during the year 1923-4. 
The total number of cases was 1992 and the percentage of this number 
reached on successive dates four weeks apart is plotted (Fig. 1). The 
50% line is crossed on Feb. 23, 1924, which is taken as the origin of time ¢ 
in weeks. ‘The value of 2¢ is determined by the number of weeks between 
the crossing of the lines at 16% and at 84%, about 18 weeks. The epi- 
demiological curve of new cases is therefore (2)'/? 18y = exp (—22/648). 

The autocatalytic curve defined by the differential equation 


dy ( t ) , L 

— =nt\| 1——- }isy = ——— 

dt L i+e 
where fo is the time at which the curve passes through its inflection when 
increasing from y = 0 att = —@ toy = L, its limiting or saturation value, 
att = + o. This curve is of great use in chemistry. It was proposed 
years ago by Verhulst to represent the growth of population and has been 
much used recently under the leadership of Pearl. We shall call it, follow- 
ing Yule, the logistic—although we might equally well use autocatalytic. 
Like the probability integral the logistic is an elongated S-shape curve 
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rising from 0 to saturation. It contains three parameters L, n, to. To 
make a grid we reduce the number to two, n, to, by expressing yy as a per- 
centage of L. An irregular scale for percentages is then all that is needed.* 

In figure 2 is shown the plot of the logistic on probability paper; it is still 
S-shaped and exceedingly straight in its middle position. Between the 
limits of 10% and 90% the curves are scarcely distinguishable and if there 
were statistical fluctuations in the position of the points it might be difficult 
to tell the two curves apart unless the data went well down below 5% or 


50 





Feb Aug 0 
23 1 


FIGURE 1 FIGURE 2 

well up above 95% without becoming too much scattered by such fluctua- 
tions.’ In figure 3 is shown logistic grid on which the course of the proba- 
bility integral has been sketched and the points representing Dr. Pope’s 
data have been added. It has seemed best to terminate the logistic grid 
at 1% and 99% instead of carrying it to 0.01% and 99.99% as in the proba- 
bility grid. The reason was that in few chemical or statistical problems 
are we justified in placing confidence in such small quantities as are repre- 
sented by one ten-thousandth part of the whole, and in cases where such 
precision is justified graphical are supplanted by arithmetical methods. 

The determination of the constants of the logistic from a straight line 
fitted graphically to a set of statistical data is easy. The 50% line de- 
termines the constant of integration tp. Referred to this origin + nt = 4 are 
the lines of 1.8% and 98.2%. Thus the value of is eight times the recip- 
rocal of the interval ¢ between those percentages, or 4 times the reciprocal 
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of the interval between either and the 50% line.* Thus if a straight line be 
drawn across the gridof figure 3 representing fairly well between 1% and99% 
the probability integral (¢ = 1 in this case) by a logistic, the interval be- 
tween 1.8% and 98.2% is 4.3 and n = 8/4.3 = 1.86. Hence approximately 


Pa arnt dt mo 1 
ee V/ 26 1 + e7 1-868 


t = 0 being at the common inflection point.” 
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THE LOGISTIC GRID. Ordinates: Percentage of Saturation 


Limits 1- 2 2-8 8-16 16-30 30-50 percent 
Limits 99-98 98-92 92-84 84-70 70-50 percent 
Intervals 0.25 0.5 1.0 2.0 2.5 percent 


FIGURE 3 


When the total number of cases is unknown and we have only part of a 
probability curve we may fit the curve graphically by estimating the total 
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number at several putative values in succession and by plotting the result- 
ing percentages in the search for a straight line on probability paper. So, 
too, although the logistic grid is really designed for use when the saturation 
value L is known (as it generally is in chemistry), we may assume that 
value and make a trial plot to see whether the points fall on a line. Thus 
the population of the Metropolitan Water District around Boston is given 
in thousands as 

Year 1850 '55 '60 '65 '70 °75 ’80 '85 ’90 °951900 ‘05 "10 ‘15 ‘20 

Population 224 273 316 342 391 468 501 556 662 763 878 951 1070 1201 1253 


Per cent! 11.2 13.6 15.8 17.1 19.6 23.4 25.0 27.8 33.1 38.2 43.9 47.6 53.5 60.0 62.7 
Per cent? 7.5 9.1 10.5 11.4 13.0 15.6 16.7 18.5 22.1 25.4 29.3 31.7 35.7 40.0 41.8 
Per cent? 5.5 6.8 7.9 8.5 9.8 11.7 12.5 13.9 16.5 19.1 22.0 23.8 26.7 30.0 31.3 


1 Basis L = 2000. 2? Basis L = 3000. 3’ Basis L = 4000. 





FIGURE 4 


These percentages have been plotted on the logistic grid (Fig. 4) and so 
far as the eye can judge the best adhesion to a straight line is when L = 





L550 1885 1920 
FIGURE 5 
3000. They have also been plotted (Fig. 5) on probability paper with 
apparently better approach to the straight line when L = 4000. Reading 
from the graphs (produced) the two population laws become® 
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3000 4000 Z — (t—1950)2dt. 





Pop = or Pop = exp 


V2r X 63 J-« 2 X (63)? 

Such a matter as the preparation of a new type of codrdinate paper is 
scarcely of sufficient dignity to merit the attention of this Academy; my 
excuse for taking your time with it lies in the present widespread interest 
among chemists, biologists, economists and others in the autocatalytic or 
logistic curve.® 


i + eg ~ 0-082 (¢— 1930) 


1 For a description, see Whipple, Vital Statistics, 2nd Ed., pp. 485 A, 451-456, 508. 

2 The figures are taken by permission from a thesis entitled Studies on the Epidemi- 
ology of Scarlet Fever presented by Dr. A. S. Pope in June, 1925, in partial fulfilment of 
the requirements for the degree of Dr.P.H. at the Harvard School of Public Health. 

3 For references see The Growth of Population and the Factors Which Control It, 
by G. U. Yule, J. Roy. Statistical Soc., 88, Part. 1, January, 1925, and Pearl Studies in 
Human Biology, Chaps. xxiv and xxv. 

4 Referred to its inflection the logistic is the tanh curve and as such needs no new 
name; being such, the necessary scales of percentages to make the curve straight on 
the grid can be had in standard mathematical tables. 

5 The formula ¢ = (Npq)!/ 2 for the standard deviation of a percentile shows that 
if N = 2000 and p = '/2 = 50%, o = 24.5 or about 1.2%; if p = 1/20 = 5%, o = 10 
or 0.5%. Unless therefore the adherence to the logistic or probability integral is very 
good and extended over a wide range, their separation on the basis of N = 2000 would 
be difficult. In Dr. Pope’s case (Figs. 1, 3) it appears almost certain that the growth of 
the epidemic followed the probability integral and not the logistic. Cf. J. Brownlee, 
Proc. Roy. Soc. Med., London, 1918, p. 85; and R. Ross, Proc. Roy: Soc., London, A 92, 
1916, p. 204. Ross’s solutions resemble the logistic; Brownlee assuming that the in- 
fectivity decreases uniformly with the time, gets the probability curve. Apparently Dr. 
Pope’s figures fit in more easily to Brownlee’s than to Ross’s analysis, but the evidence 
is really too meagre to be definitive. 

6 In case one cannot get so long a base line as from 1.8 or 98.2 to 50, m is 1.1 times 
the reciprocal of the interval between 50% and 75% or 25% and 50% and 1.35 times 
the reciprocal of the interval between 10% and 30%. See Yule’s table, cit. 3, p. 48. 

7 The moments of the bell shaped curve which is the derivative of the logistic are 
readily found. Approximately o = 9/5n or n = 9/5e. In the above case o = 1 and 
n = 1.86 (graphically) is approximately 9/5 = 1.80. 

8 It may seem from the graph (Fig. 4) that the line for L = 4000 fits the points as 
well as that for L = 3000. In that case we should use the formula Pop = 4000 [1 + 
e~ 9.030(¢—1945)}-1, It is clear from both graphs that the constants L, n, toor L,o, to are 
not particularly well determined and that there is no sharp differentiation between the 
suitability of the two curve types for representing the data. By this it is not intended 
to impugn the judgment that the logistic is the better curve to fit to such data, but 
merely to emphasize the large degree of indetermination in the problem. If the 
logistic were known to represent a law of nature based on a vera causa (Edgeworth, Yule, 
cit. 3) and if the variations from that law were known to be of the nature of errors of 
observation obeying the normal law, the constants L, m, to could be determined by the 
method of least squares and their probable errors could be taken as a measure of the 
accuracy of the determination; but in the present state of our knowledge concerning 
both hypotheses it is perhaps better to treat the problem of fit as an engineer treats em- 
pirical data and be content with the assumption that there is about as large an inde- 
termination as is suggested by the rough graphical method. : 
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® We can furnish at cost (about 2 cents per sheet), the logistic grid in either red or 
blue ink to any who may wish it. 


THE PARAMAGNETISM OF “ODD MOLECULES” 


By NELSON W. TAYLOR AND GILBERT N. LEwIs 
CHEMICAL LABORATORY, UNIVERSITY OF CALIFORNIA 


Communicated July 1, 1925 


According to the magnetochemical theory! the electrons in a molecule 
which are paired with one another produce a diamagnetic effect, but an 
unpaired electron must give a magnetic moment to the molecule as a whole, 
and thus produce the phenomenon of para-magnetism. In the case of 
solid and liquid substances, for the most part, the exact state of the mole- 
cule is unknown, but with gases and dilute solutions, where the molecular 
weight can be determined, it is to be predicted that every substance with 
an odd number of electrons in the molecule will exhibit paramagnetism. 
The recent work of Soné* shows that of the various oxides of nitrogen the 
two which have odd molecules, NO and NOk, are strongly paramagnetic, 
while all the rest are diamagnetic. We have now obtained preliminary 
results on the magnetism of several other interesting types of odd mole- 
cules, and we shall here present briefly the results which will be discussed 
more fully by one of us in another publication. 

Besides the two oxides of nitrogen, the only other substance with odd 
molecules which exists as a gas under ordinary conditions of temperature 
and pressure is chlorine dioxide. However, because of the explosive nature 
of this gas our measurements were made with a solution of chlorine dioxide 
in carbon tetrachloride (2.77% by weight). Even this dilute solution 
proved to be paramagnetic, and the molal susceptibility of pure chlorine 
dioxide was calculated to be 1310 x 10~*. 

One of the most interesting types of odd molecules is the organic free 
radical, first obtained by Professor Gomberg, and through his courtesy 
we have been able to study a sample of (a)-naphthyl diphenylmethyl, 
which in benzene solution exists largely in the form of the free radical. 
On account of the very large correction for the diamagnetism of benzene 
and of the substance itself, no exact determination of the paramagnetism 
due to the odd electron could be made, but our measurements show very 
definitely the existence of this paramagnetic effect. This is the first time 
that paramagnetism has been found in an organic compound. 

Another extremely interesting class of odd molecules is furnished by 
solutions of the metals in liquid ammonia. If we could measure the sus- 
ceptibility of sodium vapor we should undoubtedly find it to be paramag- 
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netic, but when sodium is dissolved in liquid ammonia it is no longer an 
odd molecule, for it gives up an electron to form sodium ion. On the 
other hand, we have every reason to believe that the electron given up by 
the sodium becomes attached to the solvent, thus producing a new odd 
molecule. Experiments made with a solution containing about one part 
of sodium to two of ammonia by weight proved it to be almost neutral 
magnetically, which shows definitely that a paramagnetic substance is 
present in sufficient amount to offset the diamagnetism of the solvent. 
But the effect is much smaller than we anticipated, and seems to indicate 
that the molecules of ammonia to which electrons are attached do not all 
remain free, but pair with one another; or else that in this concentrated 
solution, which possesses a really metallic conductivity, a large fraction of 
the electrons are unsolvated. 

Another quite similar case is furnished by a solution of a metal like 
thallium in mercury. We find in fact that thallium dissolved in mercury 
is decidedly paramagnetic, but not in the degree that we should expect 
if we should assume that thallium atoms dissolve in mercury without 
change. Here also it is probable that in the amalgam the thallium exists 
largely as T1* and that its electron either remains free or is attached to 
mercury atoms in an unknown manner. 

While therefore all of these experiments tend to confirm the belief that 
every odd molecule is paramagnetic, they do not enable us to decide the 
interesting question as to whether all substances whose molecules have a 
single unpaired electron have the same molal susceptibility. The only 
one of our experiments that is competent to give information on this point 
is the one with chlorine dioxide, in which case the molal susceptibility was 
found to be only five percent less than that of nitric oxide. Since the 
inevitable errors were magnified by the use of a dilute solution, and since 
there is a possibility that chlorine dioxide may be slightly associated, it 
seems not improbable that further study will show the susceptibility (after 
correction for the diamagnetism of the several atoms) to be the same for 
these two gases. 


1 Lewis, ‘‘Valence and the Structure of Atoms and Molecules,’’ Chap. VIII. Ameri- 
can Chemical Society Monograph, Chemical Catalog Company, 1923; Chemical Re- 
views, 1, 231 (1924). 

2 Soné, Sci. Rep. Tohoku Imp. Univ., 11, 139 (1922). 
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THE ACTIVATION OF HYDROGEN BY EXCITED MERCURY 
ATOMS 


By ALLAN C. G. MITCHELL 
Gates CHEMICAL LABORATORY, CALIFORNIA INSTITUTE OF TECHNOLOGY 


Communicated June 9, 1925 


Iniroduction.—That mercury atoms excited by absorption of the line 
2537A are able to activate various kinds of atoms by collisions of the 
second kind has been shown in several different ways. Using pressure 
measurements to follow the reaction, Cario and Franck! showed that 
hydrogen, in the presence of excited mercury vapor, can be activated and 
made to reduce copper oxide or tungsten oxide, while Dickinson* repeated 
the experiment using gaseous oxygen instead of solid oxide. Employing 
spectroscopic methods of detection, Cario* activated thallium vapor by 
collisions with excited mercury atoms and observed the radiation of the 
green thallium line 5351A and indeed all the thallium lines which would 
theoretically be expected. 

Donat,‘ and later Stuart,° investigated the decrease of resonance-radia- 
tion of mercury in the 2/2 state on the addition of certain gases, including 
hydrogen, oxygen and argon; and found that the resonance-radiation of 
mercury was greatly decreased by the addition of quantities of hydrogen 
up to 5 mm., somewhat less by the addition of the same quantities of 
oxygen, and very slightly by the addition of argon. This decrease in the 
case of hydrogen is due to the fact that the mercury in the 2), state acti- 
vates the hydrogen and falls back to its normal (1S) state without emitting 
radiation. Donat, following up the work of Cario on the emission of the 
green thallium line showed that on the addition of argon or nitrogen the 
intensity of the thallium line was greatly increased, which result has been 
confirmed in this Institute by Loria.® 

Donat explains this increase in the intensity of the thallium line in the 
following manner. By collisions with argon, the mercury atoms in the 
2p2 state are forced into the 2; state, which has a slightly lower amount 
of energy. The mercury atoms in this lower energy state are forbidden 
by the quantum theory to lose energy by radiation, and furthermore in 
accordance with the hypothesis of Donat can endure many collisions with 
argon without losing energy. Hence they have a very long life, and the 
only way they can give up their energy is by collisions with thallium atoms. 
This they do, activating the thallium atoms thus causing them to emit 
the green line, 5351A. This would also account for the slight decrease in 
the resonance-radiation of mercury on addition of argon, as observed by 
Stuart and by Donat. 

The purpose of this research was to extend Dickinson’s experiments, in 
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order to determine the effect of varying the pressures of hydrogen and 
oxygen and of adding argon on the rate of the reaction between the hydro- 
gen and oxygen. 

Experimental Procedure.—Light from a quartz-mercury arc lamp was 
passed through a quartz lens into a reaction tube of quartz contained in a 
cylindrical electrically heated furnace. The furnace was kept at about 
45° as in the experiments of Dickinson. The quartz reaction tube, 2 cm. 
in diameter and 16 cm. long, had a clear quartz window fused to one end 
and a small quartz tube joined to the other. A sealing-wax joint connected 
the latter to a glass trap which was kept immersed in liquid air. A side 
bulb containing mercury which could be drawn out permitted the gas to 
be expanded and recompressed, thus facilitating the removal of condensible 
material by the use of liquid air. By means of stopcocks the gas space 
could be put in communication either with a mercury diffusion pump or a 
gas mixing chamber containing the desired reaction mixture. Hydrogen 
and oxygen, generated electrolytically from a barium hydroxide solution 
could be introduced by means of stopcocks. Argon could also be let into 
the gas mixing chamber at suitable pressures. In order to keep the line 
2537A from being reversed, the anode of the mercury arc lamp was cooled 
by a blast of air, kept constant with the aid of a Pitot tube. The rate of 
reaction was measured by means of the decrease in pressure as read on a 
MacLeod gauge. 

The experimental procedure was as follows. After pumping out the 
whole system, a known mixture of hydrogen and oxygen was admitted and 
the pressure read on the Macleod gauge, so that the partial pressures of 
oxygen and hydrogen could be calculated. The reaction tube was now 
illuminated with the light from the mercury arc, the intensity being kept 
constant with the help of an ammeter, voltmeter, and slide-wire resistance. 
After a definite time of illumination, usually ten minutes, the condensible 
matter was removed and the pressure read. ‘This process was repeated six 
times, giving a total time of illumination of about an hour. About 2 cc. 
of mercury were placed in the reaction tube at the beginning of the series 
of experiments and were replenished once in the latter part of the series. 

In the cases where argon was added the procedure was modified as 
follows. An approximately equal mixture of hydrogen and oxygen was 
admitted to the mixing chamber and thence to the reaction tube, and the 
pressure read. The gas-mixing chamber was then shut off and the reaction- 
tube system pumped out. In the meantime a definite amount of argon 
was let into the gas-mixing chamber. The mixture of hydrogen, oxygen, 
and argon was then admitted to the reaction tube and allowed to come to 
equilibrium. The pressure was again read. The ratio of the volume of 
the mixing chamber to that of the reaction tube having been determined, 
the ratio of argon to hydrogen and oxygen could now be calculated. 





——— Sa 
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The Experimental Results——The experiments of Dickinson were re- 
peated with similar results, and in addition experiments were carried out 
to show the dependence of the rate of reaction on the pressures of hydrogen 
and oxygen. ; 

When the concentration of oxygen was kept constant at about 0.036 
to 0.04 mm., the rate was found to increase as the pressure of hydrogen 
was increased, but seemed to reach a saturation value as in the experiment 
with Cario and Franck. It was, however, difficult to get reproducible 
results with pressures of hydrogen much above the usual of about 0.04 mm. 
The important fact, nevertheless, was demonstrated that at pressures of 
hydrogen as high as 0.6 to 0.7 mm., there was a large rate of reaction as 
great as 11—12 X 10-4 mm./min. This result will be referred to again 
in connection with our discussion of the effect of large additions of argon. 

Experiments were also made keeping the pressure of hydrogen constant 
and varying the amount of oxygen. When no oxygen was present the rate 
was found to be zero. On addition of small quantities of oxygen the rate 
increased very rapidly (almost linearly) until it reached a maximum at 
0.01 mm. of oxygen, then decreased until a small but measurable rate was 
reached. ‘Table 1 shows the rate of reaction as a function of the pressure 
of oxygen, the pressure of hydrogen being kept constant at 0.041 mm. 

TABLE 1 


EFFECT OF OXYGEN ON THE RATE OF REACTION 


PRESSURE OF HYDROGEN CONSTANT AT 0.041 MM. 
OXYGEN PRESSURE RATE OXYGEN PRESSURE RATE 


IN MM. MM./MIN. IN MM. MM./MIN. 
0.002 0.7 X 10 0.081 3.0 X 1074 
0.003 0.7 0.117 2.0 

0.004 2.4 0.120 2.0 

0.004 2.2 0.194 1.8 

0.009 6.7 0.305 TY 

0.01 5.5 0.343 1.2 

0.027 3.7 0.345 1.4 

0.041 3.2 0.351 1.5 

0.080 2.5 0.355 1.5 


The addition of relatively large quantities of argon was found to stop 
the reaction completely. Two sets of experiments were carried out with 
two different samples of argon. In the first set argon made by the General 
Electric Company was taken from a tank under pressure. It was thought 
to be pure, but no guarantee was given. In the second set compressed 
argon, guaranteed by the General Electric Company to be 99.8% pure, 
was used. The results in the two cases were found to be the same. The 
results of a typical experiment are shown in the figure. The pressure of 
hydrogen and oxygen are plotted against the time of illumination. Curve 
I gives the rate when the ratio of argon to hydrogen is about twelve to one. 
Curve II gives the rate when there is no argon present. 
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Further experiments were made in which the pressure of hydrogen and 
oxygen were kept constant (within five per cent) and the pressure of argon 
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was varied. The rate of reaction was found to decrease as the pressure 
of argon increased. Table 2 shows this effect for both sets of experiments. 
TABLE 2 


EFFECT OF ADDITION OF ARGON ON THE RATE OF REACTION 
PRESSURE OF HYDROGEN CONSTANT AT 0.036 MM.; PRESSURE OF OXYGEN CONSTANT AT 0.036 MM. 


FIRST GROUP SECOND GROUP 
PRESSURE OF ARGON RATE PRESSURE OF ARGON RATE 
IN MM. MM./MIN. IN MM. MM./MIN. 
0.0 2:2 X 107" 0.00 “On *: 10° 
0 .067 1.67 0.190 2.0 
0.180 1.50 0.358 1.3 
0.216 1.41 0.372 1.2 
0.219 1.25 0.379 1.5 
0.299 0.67 0.380 1.4 
0.431 0.00 0.458 0.7 
0.455 0.00 ° 0.458 1.0 
0.478 0.8 
0.571 0.0 
0.575 0.0 


Discussion of the Results——The dependence of the rate of reaction on 
the pressure of oxygen may be explained as follows. Below the optimum 
pressure of oxygen (0.01 mm.) many of the hydrogen molecules which are 
activated by collisions with mercury atoms in the 2, state lose their activa- 
tion before they have made contact with an oxygen molecule. On the other 
hand, when the oxygen is above the optimum pressure many of the excited 
mercury atoms are killed off by collision with oxygen molecules, as is also 
shown by the work of Stuart, thus leaving fewer excited mercury atoms to 
activate the hydrogen. Collisions between excited mercury atoms and 
oxygen molecules seem not to activate the latter sufficiently to allow them 
to form water by collisions with hydrogen molecules. 
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The experiments showing the decrease of rate of formation of water on 
the addition of argon seem not to be in agreement with what might have 
been expected on the basis of the results reported by Donat; nor are they 
to be fully explained by the experiments of Stuart, which show that the ad- 
dition of argon cuts down the resonance radiation of mercury but slightly. 

That no increase in the.rate of reaction was observed on addition of 
argon due to collisions with mercury atoms which have been put into the 
2p; state by collisions with argon may be explained by one of the following 
hypotheses: 

(a) That mercury atoms in the 2; state, while able to give up their 
energy to thallium, are not able to interact with hydrogen molecules. 

(b) That mercury atoms in the 2; state, while able to endure many 
collisions with argon atoms without losing energy, are immediately de- 
activated by collisions with oxygen atoms. 

That such a large decrease in the rate of formation of water was ob- 
served on addition of argon might be explained by the assumption that 
hydrogen is dissociated by excited mercury atoms and that addition of 
argon furnishes a means whereby two hydrogen atoms may combine 
through a triple collision with an argon atom, thereby decreasing the rate 
of reaction. An attempt to test this hypothesis was made by measuring 
the rate when a large amount of hydrogen was present, since the excess 
of hydrogen should also furnish molecules for the triple collisions. The 
rate, nevertheless, did not decrease as might have been expected, as will 
be seen from the large rate which was observed when the pressure was 0.6 
to 0.7 mm. This is not conclusive proof, however, that hydrogen atoms 
are not combining through triple collision with hydrogen molecules, since 
the large rate observed might be due to the increased chance of forming 
a greater amount of activated hydrogen which masks the effect of triple 
collisions. 

An alternative hypothesis is that activated hydrogen is not atomic, 
as assumed by Cario and Franck, but is molecular hydrogen in a higher 
quantum state, having for example one or more quanta of energy of oscil- 
lation, with a definite life-time and capable of being deactivated by col- 
lisions with argon. This assumption as to the nature of activated hydro- 
gen affords an even simpler explanation of the Dickinson experiment than 
does the hypothesis of monatomic hydrogen, and is in accord with the 
speculations of Compton and Turner’ concerning equilibrium in a region 
containing hydrogen and mercury. Since, however, it has been shown by 
Cario and Franck that activated hydrogen can diffuse through high pres- 
sure hydrogen gas and still remain activated, the above assumption would 
necessitate the further hypothesis that this higher quantum state of hydro- 
gen is metastable towards collisions with hydrogen molecules. 

The above hypotheses do not exhaust the possibilities of explanation, 
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and further work will be necessary to elucidate the exact mechanism of all 
the processes occurring. 

The writer wishes to express his thanks to Prof. R. C. Tolman for his 
advice ang interest in this work, and to Dr. R. M. Badger and Dr. O. 
Oldenberg for many helpful suggestions; also to the Carnegie Institution 
of Washington for financial assistance received from a grant made to Prof. 
A. A. Noyes. 

1G. Cario and J. Franck, Zt. Physik., 11, 161 (1922). 

2 Dickinson, Proc. Nat. Acad. Sci., 10, 409 (1924). 

3 Cario, Zt. Phystk., 10, 185 (1922). 

4K. Donat, Zt. Physik., 29, 345 (1924). 

5 Herbert Stuart, Z¢. f. Physik., 32, 262 (1925). 

6 Loria, Phys. Rev., 25, 212 (1925). 

7 Compton and Turner, Phil. Mag., 48, 360 (1924). 


WHAT IS HUMUS?! 
By SELMAN A, WAKSMAN 


NEw JERSEY AGRICULTURAL EXPERIMENT STATIONS, DEPARTMENT OF Sort, CHEMISTRY 
AND BACTERIOLOGY 


Communicated July 7, 1925 


Several theories have been proposed at various times to explain the 
origin of the black-colored organic substances, which go to make up the 
bulk of the soil organic matter and which are commonly known as ‘“‘humus.”’ 
None of these theories, however, sufficiently explained processes involved 
in the formation of the complex mass of soil organic matter, to be uni- 
versally accepted. The very nature of the chemical constituents of this 
“‘humus’’ is little understood, although an extensive literature concerning 
some of these constituents, namely the “humic acids,” is available. A 
number of methods have been suggested for determining quantitatively 
this soil ‘‘humus”’ and “humic acid,” since this was usually considered to 
be the available portion of the soil organic matter. However, none of the 
methods proved satisfactory; the results obtained for the same soil by 
different methods varied greatly, and we are still in the dark concerning 
the nature of the soil organic matter, its formation, and physical and 
chemical properties. Schreiner and Shorey, in summing up in 1909 the 
survey of the literature on this subject, came to the conclusion that ‘‘the 
most conspicuous feature is the lack of specific knowledge concerning the 
organic matter of the soil.” Since then, new theories and new methods 
have been proposed, but even at present ‘‘the complete lack of knowledge 
concerning the nature of soil organic matter, the indefinite limit between 
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the humus and the rest of the organic matter remains the weakest spot in 
soil science both in classification of soils as well as in a number of other 
questions” (Gedroiz). 

This lack of specific knowledge concerning the most impogtant con- 
stituent of normal soils is largely due to the fact that very few attempts 
have been made to study just how “‘humus’’ is formed in the soil. When 
organic matter, in the form of green manure, plant stubble, straw, leaves, 
roots, etc., is added to the soil, decomposition sets in immediately, as can 
be conveniently demonstrated by an increase in the evolution of carbon 
dioxide. The rate and nature of decomposition depend upon the organisms 
concerned and soil environmental conditions. Sooner or later the rate of 
decomposition becomes more or less uniform, after the easily available 
ingredients of the organic matter are decomposed; the residual organic 
matter then becomes a part of the soil, is converted into “humus” or is 
said to be ‘‘humified.”” This “humus” decomposes only very slowly and 
will persist in normal soils for considerable time. Why does this take place, 
why does a part of the organic matter decompose rapidly and a part only 
very slowly? ‘This question is of great economic importance, since most 
of the nitrogen and minerals introduced into the soil with the natural or- 
ganic materials remain bound up in this soil “humus.’’ How does that 
take place? Is “humus” formed because the organic substances are de- 
composed so far and no further, or because certain constituents of the 
original organic matter are decomposed and others not, or because certain 
resistant substances have been synthesized by the microérganisms active 
in the decomposition of the original organic matter? 

The chemist has analyzed the soil organic matter by ignition, by extract- 
ing with alkalies, by treating the soil with different reagents. He con- 
sidered the soil organic matter to be in a static condition, and has some- 
times been led to conclude (Gortner) that ‘“‘humus’”’ is not formed in the 
soil, but that similar extracts can be obtained from natural organic sub- 
stances. The biologist has limited himself to the general statements that 
the various groups of soil microérganisms take an active part in the for- 
mation of the soil ‘‘humus,’’ but how and to what extent remained unknown. 
It has even been pointed out (Falck) that the nature of the soil organic 
matter, resulting from the decomposition of the natural organic substances 
added to the soil, depends entirely upon the character of the organisms 
taking part in the decomposition; the latter are in their turn influenced to 
a large extent by environmental conditions. However, experimental facts, 
which would establish definitely what constituents of the natural organic 
matter contribute to the formation of ‘humus’ or “soil organic matter,” 
and by what chemical reactions this takes place, are lacking; this accounts 
largely for the lack of knowledge concerning the nature of the soil ‘‘humus’’ 
and its various constituents, such as the ‘“‘humic acids.”’ 
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Among the various theories suggested to explain the formation of ‘humic 
acids’ that of Fischer and Schrader deserves careful study. They have 
demonstrated that soil “humus,” peat, and soft coal are probably derived 
from the lignins, which form a considerable part of most of the natural 
organic substances. The lignins are most resistant to decomposition; 
they are not acted upon at all, or only to a very limited extent, by the 
great majority. of soil microérganisms. Fischer suggested, therefore, that 
the celluloses, pentosans, and other carbohydrates, proteins and their 
derivatives, and various other cell constituents are decomposed sooner or 
later by different soil microérganisms, while the lignins and fats remain 
undecomposed. The accumulation of these substances results in the 
formation of the soil ‘“‘humus’”’ as well as of peat soils and coal. This theory 
may,account for the formation of coal, but it does not fully account for the 
formation of the soil ‘humus,’ due to several reasons: (1) It does not 
explain the origin of the presence of a considerable amount of nitrogen in 
the soil “‘humus,”’ which is a highly important constituent from the point 
of view of soil fertility. (2) It does not consider the fact that in normal 
soils the ratio of the carbon to the nitrogen is always constant, namely 
about 10 to 1. (3) It does not allow for the réle played in the formation 
of organic matter in the soil by the numerous microérganisms which in- 
habit the soil; as much as 20-40 per cent of the organic matter decomposed 
as a source of available energy may be resynthesized into microbial proto- 
plasm. (4) It does not consider the fact that even the resistant soil 
“humus”’ is gradually decomposed, as can readily be demonstrated, when 
the soil is kept under optimum conditions, without the addition of fresh 
organic matter; constant additions of organic substances to cultivated 
soil may be just sufficient to keep up the balance of the soil organic matter. 
(5) There is undisputed proof (Gortner, Schreiner and Shorey, S. Oden) 
that the soil organic matter consists of several fractions: (a) one insoluble 
in water and alkalies (so-called “‘ulmin’’ and ‘“‘humin’’), (6) one soluble 
in alkalies, but insoluble in alcohol (‘‘humic acid,” according to S. Oden), 
(c) one soluble in alkalies and in alcohol (‘‘hymetomelanic acid’ of Hoppe- 
Seyler), (d) one soluble in water (‘‘fulvic acid” of S. Oden). Gortner 
found a dark and light fraction in the portion soluble in alkalies, depend- 
ing on the nature of the alkali used for extraction. 

In approaching this question, an attempt has first been made to learn 
not what ‘“‘humus”’ is, but how it is formed in the soil; what chemical sub- 
stances and what microbiological agencies, as influenced by environ- 
mental conditions, contribute to its formation. The chemical and physico- 
chemical nature of the ‘‘humus’’ would then become better understood. 
These studies will be published in detail at a later date. It is sufficient 
to call attention here to a few results which tend to throw some light upon 
this complex subject. 
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The soil organic matter or ‘‘humus’’ can be conveniently divided (similar 
to S. Oden’s classification) into three general groups, on the basis of its 
solubility in alkalies and in water: (a) The part insoluble in alkalies, as 
5 per cent NaOH; this includes most of the undecomposed plant residues, 
such as celluloses, pentosans, some proteins, etc., and certain synthesized 
substances, such as chitin. (b) The part soluble in alkalies and pre- 
cipitated by acids; this comprises 60 to 70 per cent of the organic 
matter of normal soils and includes the various ‘‘humic acids.’ (c) 
The part soluble in alkalies and not precipitated by acids; this part 
includes the water soluble portion of the soil organic matter and the part 
made soluble by the hydrolytic action of the NaOH. The second part 
is the most important and most interesting. It is usually determined 
either directly in the alkaline extract (in that case the third portion of the 
soil organic matter was also included) or it is precipitated with acids 
and then determined either gravimetrically or colorimetrically. When 
the alkaline extract of normal mineral soils is carefully neutralized by hy- 
drochloric acid, a heavy precipitate is formed; a part of this precipitate is 
redissolved when an excess of acid is added. The soil organic matter dis- 
solved by the alkali treatment can thus be conveniently divided into two 
definite fractions; 2 lack of recognition of these fractions led often to a 
great deal of confusion in the results obtained both qantitatively and 
qualitatively. ‘The two fractions which can be separated from the portion 
of the soil organic matter soluble in alkali and precipitated by acid, are 
(a) fraction a, soluble in dilute alkalies and insoluble in dilute acids and 
(b) fraction 8, soluble both in dilute alkalies and in dilute acids and precipi- 
tated at a more or less definite isoelectric point, which lies close to pH 4.8. 

The method as used at present is carried out as follows: 50 gm. of fresh 
soil (the moisture content of which is known) are treated with 100 cc. of 
5% sodium hydroxide solution (for 48 hours in the cold or for 30 minutes 
at 15 pounds pressure). If the soil bases are to be first removed, it should 
be done not by washing with dilute hydrochloric acid, since this removes 
a part of the 8 fraction, but by washing with a normal or half-normal solu- 
tion of KCl, then washing with water; a somewhat stronger NaOH solution 
is then added to allow for the water left in the soil. The alkaline extract 
is filtered through ordinary filter paper and the soil is washed 2 or 3 times 
with distilled water. The residual moist soil is then again extracted in 
the same manner, by adding 25 cc. of 5% NaOH solution to the moist 
soil. The second filtrate and washings are added to the first. An excess 
of hydrochloric acid (1:1) is then added to the black extract; a brown pre- 
cipitate is formed which becomes darker on further addition of acid; an 
excess of acid is used for the purpose of redissolving the 6 fraction. The 
mixture is well shaken and the precipitate is filtered through a weighed 
Gooch crucible or a weighed filter paper; it is washed with dilute hydro- 
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chloric acid, then several times with distilled water and dried to constant 
weight, giving the a fraction. This fraction contains practically no ash 
(only about 0.5 to 3 per cent); it is comparable to the ‘‘humic acid” ob- 
tained by several methods, and it accounts largely for the black color of 
the original solution; it is comparable to the “humus” which would result 
according to Fischer’s theory, since it is extracted by a method similar to 
that used for extracting lignin; however, it contains about 2.5 to 3.5 per 
cent nitrogen, independent of the soil from which it has thus far been ob- 
tained, unless it is a soil with a large amount of fresh undecomposed or- 
ganic material. This fraction a dissolves completely in alkalies and is 
reprecipitated quantitatively by acids, without any marked change in its 
composition. 

When the brown solution, obtained on filtering off the a fraction, is 
neutralized with sodium hydroxide, another precipitate is formed; this 
precipitate (fraction 8) redissolves both in an excess of alkali and in an 
excess of acid; it comes down quantitatively at a certain hydrogen-ion 
concentration, near to pH 4.8, the precipitation beginning at both sides 
of this point. This is also filtered off through a Gooch crucible or weighed 
filter paper; the filtrate should be of a light straw color and only seldom, 
as in the case of soils very rich in organic matter such peat soils, yellow to 
brown colored; if the solution is yellow, the addition of either acid or alkali 
to adjust the reaction to pH 4.8 will result in the formation of a further 
precipitate which should be added to the rest of fraction 8. The combined 
precipitate is washed with distilled water until free from soluble salts. 
It is then dried, weighed and ignited. Fraction 6 is found to contain 30 
to 50 per cent ash and a small amount of nitrogen (about 1 per cent). 

These two fractions were found to be derived in the soil by different proc- 
esses and probably play in the soil different functions. The a-fraction or 
the “‘humic acid,” which gives the black color to the soil, is derived largely 
from the lignins of the natural organic substances and from the cells of the 
microorganisms in the soil; it contains the largest amount of nitrogen. 
It is the dominant and often the only fraction in soil in which organic matter 
accumulates in large quantities, as in peat soils and forest mold, and prob- 
ably accounts for the non-availability of the large store of the soil nitrogen. 
The 6 fraction gives to the soil its buffering properties; it accounts to a 
large extent for the various phenomena usually ascribed to the indefinite 
“organic soil colloids;” it combines with the acids and alkalies added to, 
or formed in the soil preventing them from becoming too injurious to the 
growth of plants and microérganisms. ‘This fraction is very changeable 
in quantity, increasing or decreasing according to soil conditions. On re- 
dissolving the 8-fraction in an alkali solution, a small amount of inorganic 
material may remain insoluble; on filtering the solution and reprecipitating 
the 6-fraction by adjusting with acid to pH 4.8, a straw-colored solution is 
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obtained; the precipitate is washed with water, dried, weighed and ignited. 
The organic matter is here also recovered practically quantitatively. 

The results given in table 1 have been obtained from three differently 
treated plots of a Sassafras soil and one peat soil. 


TABLE 1 
“‘Humus” CONTENT OF THE SOIL 
@-FRACTION 8-FRACTION 
TOTAL TOTAL NITRO- ASH TOTAL NITRO- ASH 
NITRO- In 100 GEN’ cCON- IN 100 GEN CON- 
GEN GM, OF CON- TENT GM. OF CON- TENT 
NO. TREATMENT sol, TENT SOIL TENT 
PER PER PER PER PER 
CENT MGM. CENT CENT MGM, CENT CENT 
5A Manuredeveryyearbut 0.134 128 Boe 2 1 ek 4651 
unlimed 
7A  Unmanured, unlimed 0.074 368 3.57 1.1 1.841 1.00 48.5 
5B Manured and limed 0.128 631 3.20 1.4 1.820 44.9 
Florida muck soil me 31,500 3.95 1.4 Trace 


The a-fraction represents a part of organic matter which accumulates 
in the soil, as a result of constant addition of fresh organic materials, such 
as plant roots and stubble, green manures, and stable manure; it can be 
decomposed, but only very slowly and by a very limited number of soil 
microdrganisms, largely actinomycetes and a few non-spore forming bac- 
teria. The origin of the 8-fraction is still unknown. The fact that peat 
soils contain largely the a-fraction and mineral soils contain, in addition to 
the a, also the 6 fraction, often in even larger amounts, point to the dis- 
tinct differences in the nature of organic matter in peat and mineral soils, 
a fact overlooked by most investigators on “‘humic acids.”’ 

A knowledge of these two fractions (a and 8) of the soil organic matter, 
which accounts quantitatively for the larger part of the organic matter 
and the nitrogen in the soil and which probably play distinct rdles in soil 
processes, and a better understanding of the origin of these two fractions 
in the soil, seem to point to a clearer understanding of soil phenomena. 
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CONCERNING THE SEPARATION OF POINT SETS BY CURVES 
By R. L. Moore 
DEPARTMENT OF PURE MATHEMATICS, UNIVERSITY OF TEXAS 


Communicated June 30, 1925 


It has been shown by Zoretti! that if K is a bounded maximal connected 
subset of a continuum M and e is a positive number then there exists a 
simple closed curve J which encloses K and contains no point of M and 
which has the further property that every one of its points is at a distance 
less than e from some point of K. It is to be observed that this does not 
imply that every point within J is at a distance less than e from some point 
of K. Indeed if K is, for example, a circle and e is less than its radius 
then there exists no J having this property. I have, however, at various 
times, had occasion to use the following theorem. 

THEOREM 1. Jf, ina plane S, M 1s a closed point set and K is a bounded 
maximal connected subset of M which does not separate S, then, for every 
positive number e, there exists a simple closed curve which encloses K and 
contains no point of M and which is such that every point within it is at a 
distance less than e from some point of K. 

Proof.—Let C denote some definite circle which encloses K, let r denote 
its radius and let d denote the shortest distance from C to K. For every 
positive integer let T,, denote the set of all points [X] such that X can 
be joined to some point of C by a simple continuous arc every point of which 
is at a distance equal to or greater than d/2n from every point of K and at 
a distance less than or equal to r from the center of C. It is clear that, 
for every n, T;, is a bounded and connected point set and that T,, is a sub- 
set of T,41;. It can easily be shown that for each n there exists a finite 
set of circles G, all of radius equal to d/3n and such that each point of 
T,, is within some one of them. Let 7; denote the point set obtained 
by adding together all the circles of the set G, together with their interiors. 
Let J, denote the boundary of that complementary domain of T;, which 
contains K. Clearly T; is a continuum and J, is a simple closed curve 
enclosing K. If e is any positive number there exists a positive number 
n such that every point within J, is at a distance less than e from some point 
of K. For suppose there exists a positive number e for which this is not 
the case. Then for each nm there.exists, within J,, a point P, which is at 
a distance greater than or equal to e from every point of K. There exists 
a point P which is a sequential limit point of some subsequence of the 
sequence of points P;, P2, P3, ... The point P is at a distance greater 
than or equal to e from every point of K. Since, by hypothesis, the closed 
point set K does not separate S therefore there exists a simple continuous 
arc which contains no point of K but which contains both P and a point of 
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C. Let A denote the least distance from this arc to K. Let k denote the 
smallest positive integer which is greater than d/2h. Then clearly P 
lies without J,. Therefore, since P is a sequential limit point of some 
subsequence of P;, Ps, P3, ..., there exists an integer g greater than k 
such that P, is without J,. But P, is within J, and, since g is greater 
than k, the interior of J, is a subset of the interior of J,. Hence P, is 
within J,. Thus a contradiction has been obtained. ‘Therefore it is true 
that for every e there exists a positive integer such that every point of 
I, the interior of J,, is at a distance less than e from some point of K. 
There exists a continuous one to one transformation 7, with single valued 
inverse, which throws the point set J, into the point set S. For any point 
set N which is a subset of J, let T(V) denote the image of N under this 
transformation. Let W denote the set of all those points of M which be- 
long to J,. Clearly T(K) is a bounded maximal connected subset of 
T(W). It follows, by the above mentioned theorem of Zoretti’s, that there 
exists a simple closed curve Q which encloses 7(K) but contains no point 
of 7(W). ‘There exists, within J,, a simple closed curve J such that 
T(J) = Q. The curve J satisfies all the requirements indicated in the 
statement of Theorem 1. 

THEOREM 2. Suppose that, in a plane S, K and H are two closed connected 
and bounded point sets such that (a) neither K nor H separates the plane, 
(b) the set T of all points common to K and H is totally disconnected, (c) 
K-T is connected. Then there exists a simple closed curve which encloses 
K-T but encloses no point of H-T and contains T but no point of (K + H)—T. 

Proof.—Since K does not separate S it can easily be proved that there 
exists a ray r (of an open? curve) which has as its origin some point of H 
and which has no point in common with K. Since T is closed and bounded 


there exists a sequence of bounded point sets D;, De, D3, ... such that 
(a) for every n, the set S—D,, is closed and D’,,, is a subset of D,, (b) T 
is the set of points common to the point sets D;, D2, D3, ..., (c) not all 


points of K belong to D}.? For each n let K, denote the set of all those 
points of K which do not belong to Dj. ‘There exists a finite set G of 
circular domains, all of radius less than 1, such that (a) every point of 
K{ belongs to some domain of the set Gi, (b) no point of Dj + r + His 
in, or on the boundary of, any domain of G;. There exists a finite set Ge 
of circular domains, all of radius less than '/2, such that (a) every point of 
K,—K, is in some domain of Gz, (b) no point of Di + r + His in, or on 
the boundary of, any domain of G2. There exists a set G; of circular 
domains, all of radius less than 1/3, such that (a) every point of K;—Kz 
is in some domain of Gs, (b) no point of dD, +r+ Hor of S—D,, is in or on 
the boundary of, any domain of G;. This process may be continued. Thus 
there exists an infinite sequence Gi, Ge, G3, ... such that (a) for every 
n, G,, isa finite set of circular domains, all of radius less than 1/n, (6) for 
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every 1, Gyio covers Ki,42—K,4 1 but does not cover, or have on the 
boundary of any one of its domains, any point of D4; + r + H or of 
S—D,,. 

Let D denote the point set obtained by adding together the domains 
of all the sets Gi, G2, G3, ... The point set D’ is a continuous curve. For 
suppose first that P is a point of D’ not belonging to JT. ‘There exists a 
circle C, with center at P, which does not contain or enclose any point of 
T. There exists a positive integer m such that if m > m then no domain 
of the set G, contains a point within C. Let Q,, denote the point set ob- 
tained by adding together the circular regions of the sets Gi, Ge, Gs, ... Gm 
together with the circles bounding these regions. The point set Q,, is 
the sum of a finite number of closed point sets each of which is composed 
of a circle together with its interior. But a circle plus its interior is con- 
nected im kleinen‘ and if each of a finite number of point sets is connected 
im kleinen so is their sum. Hence Q,, is connected im kleinen at the point 
P. Since Q» is a subset of D’ and contains every point of D’ that lies 
within C therefore D’ is connected im kleinen at P. 

Thus D’ is connected im kleinen at every point of D'—T. But if it 
contained any irregular points then it would necessarily contain a con- 
tinuum of irregular points and this continuum would be a subset of T con- 
trary to the hypothesis that T is totally disconnected: With the aid of 
the fact that K —T is connected it is easy to see that D is connected and that 
it is a domain. Let E denote the unbounded complementary domain of 
D'. Let B denote the boundary of E. Since D’ is a continuous curve so 
is’ 8. Hence the outer boundary’ of E with respect to D is a simple closed 
curve J. The curve J is a subset of D’ and it encloses D. The point set 
H contains no point within J. For suppose it does. Then clearly H—T 
contains a point U within J. It is clear that every point of J belongs either 
to T or to the circular boundary of a domain of one of the sets Gi, G2, Gs, .. 
But no one of these circles contains any point of r + H. It follows that 
J contains no point of r + H—T. But r contains points without J and 
it contains no point of J. Therefore, since it is connected, 7 is a subset 
of the exterior of J. But contains a point of H—T. Thus there exists 
a point V which belongs to H—T and lies in the exterior of J. Since the 
closed point set K does not separate S there exists a simple cofitinuous arc 
UV which contains no point of K. This arc contains as a subset an arc 
ACB which has no point in common with K and which has in common 
with H only its end-points A and B which lie respectively within J and 
without J. Neither of the bounded continua H and ACB separates the 
plane and they have in common only the two points A and B. It follows 
by a theorem of Miss Mullikin’s® that S—(ACB + H) is the sum of two 
mutually separated domains. It is clear that one of these domains (call 
it I) is bounded and the other one (Z) is unbounded. Let M; denote the 
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set of all points [X] such that X lies in some segment of ACB whose ex- 
tremities are the extremities of a segment of J which lies wholly in J. If 
X is a point of M, then J contains’ two points Ax and By lying in the 
order AAxXBxB on ACB and such that (a) there is a segment ty of J 
which has Ay and By as extremities and which lies wholly in J, (b) no 
other segment of J lies wholly in J and has its end-points on the intervals 
AAx and BB, of the are ACB. ‘Thus with each point X of 14, we have 
associated a definite segment tx. Let M2 denote the point set obtained 
by adding together all the segments ¢y for all points X of M;. Let ¢ 
denote the point set Mz + (ACB—M;). It can be seen that ¢ is a simple 
continuous are with extremities at A and B. The point set ¢ + H has just 
two complementary domains and one of these domains (call it R) is bounded. 
The domain Ris a subset of J and no segment of J lies in R and has 
both of its end-points on?. Clearly A and B belong to the boundary on R. 
But A is within J and B is without J. It follows that R contains points 
within J and points without J. Hence, since it is connected, R contains 
at least one point of J. Let W denote such a point. Since J encloses the 
point A of the boundary of R and the boundary of R is connected there- 
fore J contains points without R. ‘Therefore W belongs to some interval 
q of the curve J which lies wholly in R, except for its end-points which be- 
long to the boundary of R. Since the end-points of g do not both belong 
to ¢, one of them belongs to H. Hence g contains a sub-interval WP 
which lies wholly in R except for the point P which belongs to H. Let 
U denote the collection whose elements are the boundaries of the domains 
of the collections G,, G:, G3, ... Since every point of WP except P belongs 
to some circle of the set U, but the point P does not, therefore P is the se- 
quential limit point of some sequence of distinct points Pi, Ps, Ps, ... 
which lie on WP and no two of which lie on the same circle of the set U. 
But if e is a positive number there do not exist more than a finite number 
of circles of the set U of radius more than e. It follows that if, for each 
n, O, denotes the center of a circle of the set U which contains P,, then 
the distance from O, to P, approaches zero as a limit as m approaches 
infinity. Since P does not belong to ¢ there exists a circle C with center 
at P which encloses no point of ¢. ‘There exists an integer ” such that O,, 
and P,, are both within C. Since O, and P, are, respectively, within and 
on some common circle of the set U there is no point of H between them. 
Since they are within C there is no point of ¢ between them. Thus there 
is no point of the boundary of R between them. But P, belongs to R. 
Therefore so does O,. But O, belongs to K—T. Thus K—T contains 
a point of R. By a similar argument, with the assistance of an inversion 
of the plane about a circle with center at some point of R, it may be shown 
that K—T also contains a point of the unbounded complementary domain 
of +H. But, by hypothesis, K—T is connected. Hence it contains a 
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point of ¢+ H. But this is impossible. Thus the supposition that J 
encloses a point of H has led to a contradiction. In particular there is no 
point of T within J. Since K—T is within J and every point of Tis a 
limit point of K—T therefore there is no point of T without J. Hence T 
is a subset of J. The truth of Theorem 2 is therefore established. 

THEOREM 3. If T is a totally disconnected closed subset of the boundary 
of a simply connected domain D and there exists a continuum K containing 
T and such that K—T 1s a subset of D then there exists a simple closed curve 
J containing T and enclosing K—T and such that J—T is a subset of D. 

Theorem 3 may be established with the aid of Theorem 2. 

THEOREM 4. If P is a point of the boundary of the simply connected 
domain D and there exists a continuum K which contains P but lies, except 
for P, wholly in D then P is accessible from D. 

Theorem 4 is a corollary of Theorem 3. 

THEOREM 5. If H is a countable collection of (two or more) mutually 
exclusive unbounded continua and no one of them separates the plane and their 
sum N 1s a closed point set and a and B are two continua of the collection H 
and there exists a simple continuous arc which contains a point of a but no 
other point of N and there also exists an arc which contains a point of B but 
no other point of N, then there exists an open curve which separates a from B 
and contains no point of N. 

Proof.—Since N is not® connected there exists a point O which does not 
belong to it. Let T denote an inversion of the plane S about some circle 
with center at O. Let G denote the set of all continua g such that, for 
some continuum h of the set H, g = T(h) + O. Let M denote the sum of 
all the continua of the set G. Let C denote a circle enclosing M. An 
element x of G will be said to be of class 1 if there exists a simple continuous 
arc AB whose end-points A and B belong to x—O and C respectively and 
which has only the point A in common with M. If a and ¢ are two G- 
elements? of class 1 and b and d are two other G-elements (whether of class 
1 or not) then a and ¢ are said to ordinally separate b and d under certain 
conditions described on Pages 194 and 195 of S.C. Let a and bd denote 
the point sets T(a) + O and 7(8) + O respectively. By a theorem of 
Miss Mullikin’s,® N does not separate S. Hence M does not separate S. 
From this and the hypothesis it follows that a and 0 are of class 1. If 
there are only a finite number of continua in the set G the truth of Theorem 
5 can be easily established with the aid of Theorem 2. Let us suppose 
that there are infinitely many continua in G. Then it is easy to see that 
there exists an element c of class 1 and distinct from a and from >. There 
are two possible cases. 

Case 1. Suppose there exists no G-element which is separated from ¢ 
by a and b. If x and y are two G-elements, distinct from each other and 
from a and }, and x is of class 1 then y is separated either from a by x and 
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bor from b by x anda. In the first case y will be said to follow x. In the 
second case it will be said to precede x. If x, y and z are G-elements the 
statement that z is between x and y means that (a) x and y are both of 
H class 1, (b) z either follows x and precedes y or follows y and precedes x. 
i If x and y are two distinct G-elements of class 1 then by the segment xy 
is meant the collection of all those G-elements which are between x and y 
Hl while by the interval xy is meant the collection consisting of x and y and 
all the G-elements of the segment xy. With the aid of results established 
/ in the course of the proof of Theorem 10 of S.C., it may be seen that either 
(a) there exist two distinct G-elements e and f, of class 1, such that e pre- 
cedes f and such that there is no G-element between them, or (b) there 
exist two infinite sequences 7, yo, ... and 2, 2%, ... of G-elements, of class 
1, such that, for every m and n, (1) y» precedes z,, (2) y, precedes, or is 
identical with, y,,, and 2,4, either precedes, or is identical with, 2,, 
(3) there exists no G-element which is common to all the segments 4,21, 
yom, ... In Case l(a) let K denote the point set obtained by adding to- 
gether a and e and all those point sets of G (if there are any) which precede 
e and let H denote the point set obtained by adding together f and b and 
all those point sets of G (if there are any) which follow f. In Case 1(d) let 
K denote the point set obtained by adding together all the point sets of the 
sequence a, 1, 2, y3 ... together with all the point sets g of the collection 
G such that g precedes some point set of this sequence and let H denote the 
point set obtained by adding together all the point sets of the sequence 
b, 21, 2, 2, ... together with all point sets g of the collection G such that 
g follows some point set of this sequence. In either case H and K are 
bounded continua with only the point O in common and H + K = M. 
Clearly there exists a ray r (of an open curve) which has, as its origin, some . 
point of b—O and which does not have any other point in common with 
H+ KK. The argument given in the first paragraph of the preceding proof 
of Theorem 2 may now be applied without modification. As in the be- 
ginning of the second paragraph of that proof, let D denote the point set 
obtained by adding together the domains of all the sets Gi, Go, Gs, ... 
Now let L denote the greatest connected subset of D which contains the 
connected point seta—O. The point set Lisadomain. By an argument 
similar to that employed, in the proof of Theorem 2, to show that D’ was 
a continuous curve, it may be shown that L’ is a continuous curve. Let 
E denote the unbounded complementary domain of L’. The outer bound- 
ary of E with respect to L is a simple closed curve J. The point set 
a—O lies.within J. But O is a limit point of a—O. Hence O is either on 
or within J. But, since it is unbounded, the ray 7 contains points without 
J, and r + b—O is a connected point set which contains no point of J. 
Hence r + b—O is wholly without J. But O is a limit point of r + b—O. 
Hence O is not within J. Thus the simple closed curve J contains O and 
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encloses a—O but encloses no point of b and contains no point of M—O. 
The point set T-!(J) is an open curve which separates a from 8 and con- 
tains no point of N. 

In Case 2 there exists a G-element which is separated from ¢ by a and b. 
This case may be treated with the help of methods used in Case 1. 


1 Zoretti, L., ‘Sur les fonctions analytiques uniformes,” J. Math. pures appl., 1, 1905 
(9-11). 

2 An open curve is a point set which is in one to one reciprocal continuous correspon- 
dence with a straight line. For a point set theoretic definition, see my paper ‘‘On the 
foundations of plane analysis situs,” Trans. Amer. Math. Soc., 17, 1916 (131-164). 

3 If M is a set of points, M’ denotes the set of all those points which are limit points 
of M. 

4 The point set M is said to be connected im kleinen at the point P if, for every posi- 
tive number e, there exists a positive number d such that every point of M at a distance 
from P less than d lies in a connected subset of M which contains P and is of diameter 
less than e. An irregular point of M is a point of M at which M is not connected im 
kleinen. Cf. Hahn, H., Jahresber. D. Math. Ver., 23, 1914 (318-322). Also Mazur- 
kiewicz, S., Fund. Math., 1, 1920 (166-209) and, possibly, earlier papers, in Polish, re- 
ferred to therein. Also Nalli, P., Rend. Circ. Mat., Palermo, 32, 1911 (391-401). 

5 That the boundary of a complementary domain of a continuous curve is itself a 
continuous curve is established, with the aid of results due to Miss Torhorst and Schoen- 
flies, on Page 259 of my paper ‘“‘Concerning continuous curves in the plane,” Math. 
Zeitschrift, 15, 1922 (254-260). Mazurkiewicz establishes the same result in a similar 
manner in his paper ‘‘Sur les continus homogenes,’’ Fund. Math., 5, 1924 (137). If D 
and £ are two mutually exclusive domains and the boundary of E is a subset of the bound- 
ary of D and the point set K is a subset of E then the boundary of E will be called the 
outer boundary of D relative to K. In my paper ‘“‘Concerning continuous curves in the 
plane,” Math. Zeitschrift, 15, 1922 (254-260), I showed that if the boundary of D isa 
continuous curve then, in case E is unbounded, the outer boundary of D with respect 
to E (in this case called merely the outer boundary of D) is a simple closed curve. By 
an inversion of the plane about a circle with center at some point of E the case where 
E is bounded may be reduced to the case where it is unbounded. ‘Thus in every case 
the outer boundary of D with respect to E is a simple closed curve. In his paper ‘‘Sur 
les coupures irreductibles du plan,’ Fund. Math., 6, 1924 (130-145), Kuratowski calls 
attention to the fact that in case neither of the points A and B, mentioned in Theorem 5 
of my above mentioned Zeitschrift paper, lies in the unbounded complementary domain 
of 8 then the outer boundary of R may not separate A from B. However, A is separated 
from B by the outer boundary of R relative to that complementary domain of the 
boundary of R which contains that one of the points A and B which does not lie in R. 
Thus my argument applies to the case where one of the points A and B lies in an un- 
bounded complementary domain of the boundary of R and every other case may be 
reduced to this one by an inversion of the plane. 

6 Trans. Amer. Math., 24, 1922 (144-162). 

7 Cf. Theorem 37 of my paper ‘‘On the foundations of plane analysis situs,”’ loc. cit. 

8 Sometime in 1923 I proved that no unbounded continuum is the sum of a countable 
number of (two or more) mutually exclusive continua. This result was announced at 
the Summer meeting of the American Mathematical Society, September 6, 1923. The 
same result has been established by S. Mazurkiewicz in an article in vol. 5 of Fund. 
Math. ‘This volume bears the date 1924, but a reprint of the article left the press before 
the appearance of the entire volume, just how long before I do not know. I submitted 
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my proof for publication in that journal, the manuscript being mailed September 28, 
1923. Sometime in November I received the reprint of the article by Professor 
Mazurkiewicz, who is one of the editors. My own paper appeared in vol. 6, 1924 
(189-202). It will be referred to hereafter as S. C. 

® By a G-element is meant a continuum which is an element of the set G. 


THE SOIL POPULATION! 


By SELMAN A. WAKSMAN 


NEW JERSEY AGRICULTURAL EXPERIMENT STATIONS, DEPARTMENT OF Sort, CHEMISTRY 
AND BACTERIOLOGY 


Communicated July 7, 1925 


Microérganisms causing plant and animal diseases occur, in most in- 
stances, in pure culture, or in such great abundance over contaminating 
forms that their réle in a particular infection can be established with com- 
parative ease. The same is true to a large extent of the so-called industrial 
fermentations, which are carried out by pure cultures and where the pres- 
ence of other organisms usually has a deleterious effect. Microérganisms 
concerned in the dairy industry, in the preparation of silage, in bread 
making, preparation of beverages, oriental food products, etc., may not 
occur and act in pure culture, but the transformations brought about are 
comparatively so simple that they can readily be differentiated and the 
réle of specific organisms in each can be readily established. As a matter 
of fact, the use of pure cultures in many of these processes presents definite 
advantages and has helped greatly in advancing the process in question. 
The contaminating organisms often destroy the desired product or pro- 
duce undesirable substances. 

However, the microérganisms concerned in soil processes and in sewage 
purification do not occur in pure culture; they bring about various com- 
plex (as well as simple) reactions, and usually act in associations, one or- 
ganism rapidly utilizing the products of another, thus stimulating it to 
further action. A soil organism isolated in pure culture may often bring 
about only a semblance of a certain specific reaction; in the soil, however, 
the same organism will carry on the particular reaction very vigorously. 
This is particularly true of certain cellulose decomposing bacteria, which 
are many times more active in the soil or when accompanied by various 
other non-cellulose decomposing forms than in pure culture. This is due 
largely to three factors: (1) the soil is a medium highly complex in composi- 
tion and no artificially prepared culture medium can approach it, in the 
various physical, chemical, and physico-chemical problems which it repre- 
sents; (2) the organism does not act in the soil in pure culture and often the 
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results thus obtained do not represent at all what is actually taking place 
in the soil; (3) the accompanying organisms usually use up the waste 
products formed by an organism in a specific reaction, thus stimulating it 
to further action. 

In attempting, therefore, to interpret the results obtained from the study 
of pure cultures, in terms of known soil processes, whether desirable or 
undesirable, we are often led to draw unjustified and often absolutely 
wrong conclusions. Certain terminologies have even been suggested to 
classify soil organisms, on the basis of an initial, final, or intermediary trans- 
formation of a specific substance added to the soil or to a culture medium, 
without any reference at all as to the reactions involved and what they 
may mean in the great complexity of the transformations carried on in the 
soil. It is sufficient to cite here the following processes so as to illustrate 
clearly the above statements: 

1. When pure celluloses or substances rich in celluloses are added to 
a well aerated soil, there is a great increase in the numbers of fungi, es- 
pecially in the presence of available nitrogen. The bacteria may not in- 
crease in numbers at all (true only in case of pure celluloses), or may do so 
only after a lapse of a brief period of time. When a protein is added to 
the soil, the reverse will be found to hold true. This does not necessarily 
mean that fungi cannot decompose proteins and bacteria cannot attack 
celluloses, but that, under soil conditions, the addition of a fibrous cellulose 
material, which will tend to give an open structure to the soil, will favor 
the development of the fungi, while the addition of the rather compact 
protein, which will at first tend to make the soil reaction alkaline (as a 
result of rapid formation of ammonia), will favor the development of vari- 
ous bacteria. However, in the laboratory, fungi are found capable of 
decomposing proteins very readily and various bacteria will decompose 
celluloses under aerobic and anaerobic conditions. Neither pure cellu- 
loses nor pure proteins are being added to the soil, but complex substances 
containing both in varying proportion; numerous groups of organisms will 
develop in the soil as a result of additions of these organic materials. Just 
what réle each organism plays in the transformation of all or only a specific 
part of the added materials remains unknown. When one tries to apply 
results obtained from pure culture studies to these phenomena, he is at a 
total loss. 

2. Asa result of decomposition of celluloses by pure cultures of fungi, 
no residual organic matter is left in the soil (so-called humus), but the 
synthesized fungus protoplasm, which may amount to as high as 30 to 40 
per cent of the original cellulose. For every 30 to 50 units of cellulose de- 
composed, one unit of available nitrogen, in the form of ammonia or ni- 
trate, will be transformed into organic nitrogen. The synthesized proto- 
plasm becomes a readily available source of energy for the actinomycetes and 
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bacteria, which decompose a part of it readily, storing away again a part of 
the carbon and nitrogen in the form of bacterial protoplasm and liberating a 
part of the nitrogen as ammonia. The bacteria, in their turn, may be de- 
voured by the numerous protozoa inhabiting the soil, or they may sporulate 
and, in that condition, await a fresh supply of energy, or, as in the case of 
many non-spore forming or coccus-like bacteria, continue to live on the col- 
loidal soil substances, slowly decomposing the less readily available materi- 
als. When the fungus mycelium is destroyed by the various soil inverte- 
brates, especially in acid forest soils, the whole process of transformation of 
organic matter may be changed, leading to different soil formations. The 
addition of one substance to the soil may thus set in motion a whole series of 
processes, only a few of which have been mentioned here. No pure culture 
studies can ever give even the faintest idea as to this chain of processes. 

3. Various bacteria like Bact. fluorescens and others, when grown in a 
medium containing a pure native protein of plant or animal origin, will be 
unable to decompose the protein. These organisms would, therefore, be 
termed non-proteolytic and their part in the transformation of protein 
materials in the soil would be questioned. When instead of a pure protein, 
certain amino acids are used in the medium, the same organisms will de- 
compose them rapidly with the formation of considerable quantities of 
ammonia. Since no well known specific reactions are brought about by 
these organisms in pure cultures in the laboratory, and since only small 
amounts of amino acids or peptides are ever present in the soil at one time, 
the réle of these organisms in soil processes would be questioned. On the 
other hand, Bac. cereus and certain other spore-forming and non-spore- 
bacteria will decompose pure proteins, like casein, zein, edestin, or gliadin 
very rapidly, with the formation of considerable amounts of amino acids 
and comparatively small amount of ammonia; these organisms would be 
called strongly proteolytic by the bacteriologist, but would be looked upon 
as rather unimportant by the soil student, since the latter is interested in 
the final products, as ammonia in the case of proteins, and only seldom in 
the numerous processes whereby this is brought about. When representa- 
tives of the two groups of bacteria mentioned above are brought together, 
the protein is rapidly broken down by one organism to amino compounds 
and by the other to ammonia. ‘These organisms occur together in the soil 
and their activities are no doubt complimentary to one another, one acting 
upon the products of the other. In the soil these organisms work in 
associations. 

4. Anaerobic bacteria probably find in normal soils favorable con- 
ditions for their development, due to reduction of oxygen tension of aerobic 
forms. ‘The mutual action of two groups of organisms with different oxy- 
gen tension results in a saving of energy. ‘The anaerobic organism utilizes 
only a part of the potential energy of the carbohydrate which it decom- 
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poses, leaving the greater part of it in the form of organic acids, alcohols, 
methane and hydrogen. ‘The aerobic organisms can utilize these as sources 
of energy for further activities. The possible combined action of anaero- 
bic and aerobic nitrogen-fixing bacteria, suggested by Omeliansky, is a 
good example. The presence of bacteria and protozoa accompanying 
the nitrogen-fixing organisms will bring about a greater fixation of nitrogen 
and a better utilization of the energy available. Celluloses cannot be used 
as sources of energy by nitrogen-fixing bacteria, but they may become 
‘ available when first acted upon by cellulose-decomposing forms. 

5. Numerous investigations deal with the decomposition of celluloses 
by bacteria. Thus far very little definite information is available on this 
point, although it has been established that certain aerobic and anaerobic 
bacteria are capable of decomposing cellulose in the soil. However, two 
facts should be considered here: (a) in normal aerated soils, filamentous 
fungi are probably the more important agents in the decomposition of the 
cellulose; (b) cellulose is not added to the soil in pure form, but largely as 
ligno-celluloses, which are less rapidly decomposed than the pure celluloses; 
the decomposition of celluloses in natural materials depends largely upon 
the rapidity with which they are separated from the lignins; this involves 
various other processes in addition to cellulose decomposition, and probably 
a number of different organisms. Some of the ingredients of the natural 
organic matter are decomposed more readily than others, while some, like 
the lignins, resist decomposition for a considerable length of time. 

6. The rédle of microérganisms in the formation of soil organic matter, 
including the so-called ‘‘humus”’ and various “humic acids” is generally 
recognized, but no serious attempt has ever been made to learn just how 
these substances are formed in the soil and what organisms and associations 
of organisms contribute to their formation. This is due largely to the fact 
that this involves a number of complex processes and substances varying 
in composition, as well as the activities of more than one organism. The 
complex mass of the organic matter found at any one time in a normal 
cultivated soil results, on the one hand, from the residual substances present 
in the natural organic matter and more resistant to decomposition by micro- 
organisms, and on the other hand, from the cells synthesized by these or- 
ganisms and their cell products. Still less is known concerning the de- 
composition of this “humus’’ by microérganisms and conditions under 
which this is taking place. 

The bacteriologist, under the sway of the tremendous progress made by 
medical bacteriology, tried to apply the same methods to the soil and 
learn, by means of pure cultures, the activities of a population, which em- 
braces many thousands of species and which carry on hundreds of different 
processes of transformation and metabolism. The chemist treated the 
soil with various standard reagents, as if it were a dead mass of inorganic 
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and organic materials and attempted to learn from a few substances found 
in the soil at a certain period about processes little understood. To cover 
our lack of knowledge, various terms such as ‘“‘humification,” ‘‘decay,”’ 
etc., have been used; these give only an incomplete idea of the specific 
processes taking place. The agronomist, being interested only in the final 
results, has neglected both-the soil population and the chemical processes 
brought about. 

The various chemical processes and transformations should be studied 
not only on artificial media but also in the soil itself. It is not sufficient 
to learn what one member of the soil population can do; under natural 
conditions, different results are often accomplished. The isolation of a 
certain organism, the determination of a certain chemical soil constituent 
produced directly or indirectly by the activities of microérganisms, can 
throw only little light upon the numerous interrelated soil processes and 
cannot advance our understanding of the soil population or of soil fertility 
largely as a result of that. 

In the study of the soil population, the bacteriologist has usually satisfied 
himself with a study of the bacteria and their activities, the botanist 
searched for fungi in the soil, the zodlogist for protozoa, nematodes or 
other representatives of the animal population of the soil. Even the 
isolated attempts to bring the various groups together and learn their 
interrelationships in the soil itself have yielded valuable information to- 
wards the proper understanding of the réle of these organisms in the soil. 
The soil population must be considered from the point of view of a bio- 
logical complex; it is not sufficient to separate it into different constituent 
groups, we must also learn to synthesize it and bring about artificially the 
processes which take place in the soil itself. Only then can a complete 
picture of what is going on in the soil present itself and we may learn to 
understand and perhaps even control the numerous processes, to the ad- 
vantage of our agricultural practice. 

Winogradsky has recently suggested that the soil population consists of 
organisms constantly found in the soil (autochtonous flora) and organisms 
present in the soil only in the form of spores (bacteria and fungi), which 
become vegetatively active only as a result of addition of organic or inor- 
ganic materials or other changes brought about in the soil. He empha- 
sized correctly that we must distinguish between the static and dynamic 
soil conditions. The above division does not fully allow for the numer- 
ous antagonistic and associative influences between the different members 
of the soil population under different conditions. The present methods of 
study are still insufficient to differentiate fully between the activities in 
the soil of the numerous organisms inhabiting it, and establish the exact 
réle in the complex processes brought about by the individual organisms 
and the soil population as a whole. 
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These problems, especially the part played by the soil population in the 
transformation of organic matter in the soil, are at present studied in this 
laboratory and the results will be published at a future date. 


1 Paper No. 247 of the Journal Series, New Jersey Agricultural Experiment Stations, 
Department of Soil Chemistry and Bacteriology. 

Omeliansky, V. L. Fixation de l’azote atmosphérique par l’action des cultures 
mixtes. Arch. Sci. Biol., 18, No. 4 (1915). 

Winogradsky, S. Etudes sur la microbiologie du sol. I. Sur la methode. Ann 
Inst. Past., 39, 299-354 (1925). 


THE PRECIPITIN REACTION OF THYROGLOBULIN 


Specificness; Presence of Thyroglobulin in Human Thyroid Veins; Production by Rabbit 
of Precipitin for Rabbit Thyroglobulin; Thyroglobulin in the Foetal Thyroid and 
in Exophthalmic Goiter 


By Lupvic HEKTOEN AND KAMIL SCHULHOF 
Joun McCormick INSTITUTE FOR INFECTIOUS DISEASES, CHICAGO 


Communicated June 29, 1925 


Human thyroglobulin, prepared by Ostwald’s method, besides a main 
specific antigen may contain also elements that call forth precipitins for 
the thyroglobulins of the beef and the swine.!_ These thyroglobulins, how- 
ever, so far seem to be species-specific precipitinogens. By means of the 
precipitin test the presence of thyroglobulin in the thyroid lymph of goitrous 
dogs has been established, and observations have been made on the amount 
of thyroglobulin in the thyroid lymph of the blood of normal dogs under 
various conditions.? Like the human, dog thyroglobulin has elements in 
common with the beef and swine. It has been shown, too, that beef 
thyroglobulin can be demonstrated in the portal blood of fasting dogs 
fed beef thyroids.* In the course of this work further results have been 
gathered that now will be reported in brief. 

1. Specificness of Thyroglobulin Precipitins—Special care is used in 
the preparation of thyroglobulins to obtain solutions that are free from 
blood proteins; in most cases the serum of the immunized rabbits has not 
had any effect on the normal serum of the species in question, and in the 
case of beef, dog, horse and human antithyroglobulin serums there was no 
action on the corresponding serum proteins or hemoglobin. Thyroglobulin 
precipitins consequently are specific for thyroglobulin, but as shown in 
table 1 they are not consistently species-specific. In the case of a strong 
antihuman serum, the precipitins for beef and for swine thyroglobulin were 
removed completely by specific absorption in each case without noteworthy 
reduction of the precipitins for human thyroglobulin. Absorption ex- 
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periments have not been made with any of the other antithyroglobulin 
serums. 

In addition to showing that thyroglobulin may occur in thyroid lymph 
and blood, the precipitin test also reveals that thyroglobulin is present as 
such in the colloid material of the thyroid. Consequently it does not 
seem likely that the method of preparing thyroglobulin materially alters 
its antigenic properties. We have not been able to detect thyroglobulin 
in extracts of any of the principal internal organs except that in one instance 
extracts of calf hypophysis reacted with precipitin serum for beef thyro- 
globulin and in one case an extract of dog liver seemed to contain thyro- 
globulin. Further work, however, needs to be done on problems such as 
now suggest themselves. 

2. Is Thyroglobulin Present in Blood in Human Thyroid Veins?— 
Principally through the codéperation of Dr. John deJ. Pemberton of the 
Mayo Clinic a considerable number of samples of blood from the human 
thyroid veins have been tested with potent antiserum for human thyro- 
globulin, and in several instances positive reactions have been obtained 
(table 2). 

3. Can the Rabbit Produce Precipitin for Rabbit Thyroglobulin?—Thyro- 
globulin was prepared from so-called wild rabbits. The strength of the 
solution was 1 to 1250; 5, 10, 20 and 40 cc. were injected intravenously at 
intervals of 3 days, and on the fourth day after the last injection the serum 
reacted with dilutions of this thyroglobulin up to 1 to 10,000, as well as 
with thyroglobulin prepared from common laboratory rabbits, but not 
with the thyroglobulins of other species given in table 1. 


TABLE 1 
RANGE OF SPECIES-SPECIFICNESS OF PRECIPITIN REACTION OF THYROGLOBULIN 
ANTITHYROGLOBULIN PRECIPITIN SERUMS NORMAL 
RABBIT 
THYROGLOBULINS BEEF DOG HORSE HUMAN RABBIT RAT SHEEP SWINE SERUM 
Beef + + + + 0 0 0 0 0 
Dog 0 + 0 0 0 0 0 0 0 
Horse 0 0 + + 0 0 + 0 0 
Human 0 0 + + 0 0 + 0 0 
Monkey 0 0 + 0 0 
Rabbit 0 0 0 0 + 0 0 0 0 
Rat 0 0 0 + O-. + 0 0 0 
Sheep + 0 0 + 0 0 + 0 0 
Swine 0 + 0 + 0 0 + + 0 
0 = no reaction + = reaction Tests by contact or layer method; results 


read after one hour at room temperature. 


4. Thyroglobulin from the Thyroid of Patients with Exophthalmic Goiter. 
—Several samples of thyroglobulin have been prepared from thyroids of 
patients with well developed exophthalmic goiter, and rabbits immunized 
therewith. The precipitin serum of such rabbits did not differ from the 
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serum of rabbits immunized with thyroglobulin from normal human 
thyroids. No indications have been obtained that exophthalmic thyro- 
globulin differs in any way from the normal. 


TABLE 2 
CONDITION OF THYROID IN PATIENTS (DR. JOHN DEJ. PEMBERTON) IN WHOM THE BLooD 
FROM THE THYROID VEINS GAVE PRECIPITIN TEST FOR THYROGLOBULIN 


1. Small, cystic adenomas in colloid thyroid in woman, age 52. 

2. Foetal and colloid adenomas in colloid thyroid in man, age 32. 

3. Hypertrophic parenchymatous thyroid in woman, age 20. 

4. Hypertrophic parenchymatous thyroid in man, age 43. 

5. Foetal and colloid adenomas in colloid thyroid in woman, age 46. 


The serums of several exophthalmic patients have been studied with 
reference to the possible presence of thyroglobulin or of precipitins for 
thyroglobulin. The number of serums studied in this way is too small to 
warrant any conclusions. Thyroglobulin has not been found definitely 
in any serum from exophthalmic patients. In one instance of advanced 
exophthalmic goiter in the care of Dr. Joseph F. Jaros, Chicago, the serum 
gave positive precipitin tests with extremely high dilutions of human thyro- 
globulin, but the amount of serum available was not sufficient to carry out 
all the properly controlled tests necessary to obtain conclusive results, and 
we have not had positive results in precipitin tests of other exophthalmic 
serums with human thyroglobulin. 

So far skin tests with thyroglobulin have been negative. 

5. Does the Foetal Human Thyroid Contain Thyroglobulin?—Definite 
reactions for thyroglobulin have been obtained in extracts of the thyroid 
of the human foetus in the third and fourth months. This result suggests 
that iodine may not be a factor in the antigenic properties of thyroglobulin, 
but direct tests are required. The precipitin test may be a means of esti- 
mating the quantity of thyroglobulin in foetal thyroids. 

Summary.—Thyroglobulin precipitins appear to be specific for thyro- 
globulin but are not consistently species-specific; thyroglobulin is present 
as such in the colloid of the thyroid gland; the rabbit can produce precipitin 
for rabbit thyroglobulin; thyroglobulin may occur in the blood from the 
human thyroid vein; the precipitin test does not indicate any difference 
between thyroglobulin from the normal thyroid and that from exophthal- 
mic goiter; the foetal human thyroid contains thyroglobulin in the third 
and fourth months, if not earlier. 


1 Hektoen, Ludvig, and Schulhof, Kamil: The Precipitin Reaction of Thyroglobulin, 
J. Amer. Med. Ass’n, 80, 1923 (386-7). 

2 Hektoen, Ludvig, Carlson, Anton J., and Schulhof, Kamil: The Precipitin Reaction 
of Thyroglobulin, Presence of Thyroglobulin in the Thyroid Lymph of Goitrous Dog, 
J. Amer. Med. Ass’n, 81, 1923 (86-8); Carlson, Anton J., Hektoen, Ludvig, and Schul- 
hof, Kamil: Experimental Increase in the Rate of Output of Thyroglobulin by the 
Thyroid Gland. Amer. J. Physiol., '71, 1925 (548-52). 
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3 Hektoen, Ludvig, Kanai, Paul H., and Dragstedt, Lester R.: A Study of Protein 
Absorption from the Digestive Tract by the Precipitin Test, with Especial Reference to 
Thyroglobulin, J. Amer. Med. Ass’n., 84, 1925 (114-5). 


THE INTERNAL SECRETION OF THE PARATHYROID GLANDS 
By J. B. CoL.ip 
DEPARTMENT OF BIOCHEMISTRY, UNIVERSITY OF ALBERTA, EDMONTON, CANADA 
Read before the Academy, April 27, 1925 
The parathyroid glands were first shown by Gley to be vital structures. 
Since the work of this investigator these glands have been looked upon as 
organs of internal secretion. It was held by some that they formed part 


of a detoxicating system while others thought that they functioned by the 
production and liberation into the blood stream of a specific hormone. 


Of late years there have been two main theories of parathyroid function. 


One, the calcium theory based largely on the work of MacCallum, the 
other the toxin theory based mainly on the work of the Glasgow school. 
Both theories were entirely compatible with the idea that a specific in- 
ternal secretion was elaborated by the parathyroid gland. 

Many attempts have. been made by various workers to obtain definite 
evidence of the presence in the normal gland of this specific substance. 
Suggestive results have been reported on numerous occasions by both 
laboratory workers and clinicians. No definite and absolutely convincing 
scientific evidence of the existence in extracts of the parathyroid gland 
which have been used of the specific internal secretion of the gland has, 
however, been obtained by these investigators. It is thought that this 
scientific evidence has now been furnished by the work which has been 
carried out in the University of Alberta during the past year. The results 
which have been obtained have been so clear cut and readily duplicable 
that it is evident that the suggestive results of other workers have been 
due to the existence in certain of their preparations of the active principle. 
In the absence of any reliable method of testing and standardizing para- 
thyroid gland extracts these workers were consequently unable to place 
their results on a scientific basis. From the data which is to be found in 
the writings of Berkeley and Beebe (1909) and Hanson (1924) there can 
be no doubt that these authors had obtained the active principle of the 
parathyroid gland in certain of their extracts. 

The work which has been carried out in our laboratory has shown « con- 
clusively that the specific internal secretion of the parathyroid gland can 
be obtained in a stable form and in a degree of purity and potency hitherto 
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not available. The general principles involved in the preparation of the 
product are: 

1. Dissolution of the gland by controlled acid hydrolysis. 

2. Isoelectric fractionation of the active principle. 

It has been quite definitely proven that the hormone so obtained is a 
specific for parathyroid tetany in dogs. It has also been amply demon- 
strated that the physiological effect which the active principle exerts is 
related in the main to calcium metabolism. It has been found that the 
injection of the active extract into both normal and parathyroidectomized 
dogs causes a mobilization of calcium in the blood. The degree of increase 
of calcium in the blood is also directly related to the amount of the principle 
injected. A method of physiological standardization has been developed 
along these lines which permits of quite accurate determination of the 
potency of various extracts. 

Dr. E. P. Clark has most ably assisted in this research. Financial assist- 
ance has been afforded by a grant from the Carnegie Corporation which 
we wish most gratefully to acknowledge. 


AN EXPERIMENTAL DETERMINATION OF THE CRITICAL 
EXCITATION FREQUENCY FOR THE PRODUCTION OF 
FLUORESCENT X-RADIATION 


By SAMUEL K. ALLISON! AND WILLIAM DUANE 
JEFFERSON PHYSICAL LABORATORY, HARVARD UNIVERSITY 


Communicated June 18, 1925 


The early experiments of Whiddington,”* showed that a certain mini- 
mum voltage was esséntial on the tube furnishing primary X-rays in order 
that these primary rays might excite the characteristic fluorescent X-rays 
in a substance on which they fell. This minimum voltage increased with 
the atomic weight of the chemical element used as a secondary radiator. 

Later experiments by Beatty‘ led to the conclusion that in the case of 
primary X-rays, also, a certain critical minimum voltage exists below which 
the characteristic radiations of the target substance do not appear. ‘This 
point has been quantitatively investigated by Webster,> and Webster and 
Clark,* who worked in this laboratory and used modern methods of X-ray 
spectroscopy.’ Webster investigated the critical voltage for the production 
of the K series lines of rhodium and found that this critical voltage was 
related to the K critical absorption frequency of rhodium by the equation 


Ve = hv (1) 








486 PHYSICS: ALLISON AND DUANE Proc. N. A. S. 


where V is the critical voltage, and v the K critical absorption frequency. 
He showed that all the lines in the K series of rhodium have the same crit- 
ical voltage, and that their relative intensities are independent of voltage 
after they have been produced. Similar results were obtained by Webster 
and Clark and Webster, for the primary L series spectrum, though in the 
L series the situation is well known to be much more complex. 

In the production of the characteristic fluorescent radiation it has been 
generally assumed that a critical incident frequency exists (as implied by 
the critical voltages of Whiddington*®*), and that it equals the critical 
absorption frequency of the fluorescing element. Direct experimental 
evidence that this absorption frequency is the critical frequency for pro- 
ducing the fluorescent spectrum has not previously been obtained. 

A preliminary report of the following experiments has previously ap- 
peared.* The fluorescent radiation was excited in a polished silver plate 
by primary radiation from a tungsten target. The X-ray tube had no 
bulb, permitting a close approach of the secondary radiator to the target 
and thus greatly increasing the intensity of the secondary radiations. 
This tube was constructed of Pyrex glass. ‘Tungsten electrodes leading to 
the Coolidge cathode and to the anode were sealed in through the glass 
702P. The tungsten target was not of the water-cooled type, and during 
the operation of the tube a fan kept the air around it circulating to prevent 
the walls collapsing due to the heat radiated from the target. The high 
softening point of Pyrex glass made it possible to dissipate 320 watts in 
the tube. The tube was pumped out, sealed off and proved very satis- 
factory below potentials of 50 K.V. 

The silver plate was placed within 1.5-2 cm. of the target in such a way 
that the secondary radiation leaving at a small glancing angle could enter 
the slit system of the spectrometer. ‘The distance between the two slits 
limiting the beam was 57 cm.; the width of each slit in most of the 
experiments was 0.5mm. The angular breadth of the beam thus defined 
is just insufficient to resolve the Ka doublet in the first order of reflection 
from calcite. With an electrometer and scale system giving a sensitivity 
of about 6 meters per volt, we had no difficulty in obtaining large ionization 
currents on the peaks of the fluorescent K series lines. Various experi- 
menters®*!'!!2 have found that the fluorescent spectrum is remarkably 
free from general radiation, and we also noted this as a prominent feature. 

In order to determine the critical incident frequency necessary to produce 
a given line in the K series fluorescent silver spectrum, we set the ionization 
chamber and crystal on the line and varied the voltage on the. X-ray tube 
in small steps near the value to be investigated. The procedure is analo- 
gous to that used by Webster and Clark for the primary rays. The X-ray 
tube was operated on the new 50,000 volt storage battery recently installed 
in Cruft Laboratory. The voltage was determined by reading the current 
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passing through a resistance of several million ohms in parallel with the 
tube. This reading was made on a sensitive milliammeter. In the short 





Total 
Secondary 
Radiation 






dg Ka,anda, 


a 


FEF RB &B a! 


Tonisation Currents in mm/sec. 





a0. 
0.5. Qg Kyande 
ot. e 














vee ser as Se 


4 | , 
~ Kilovolts on Tube giving Primary X-Rays. 





range of voltage investigated the current through the tube was kept approxi- 
mately constant at 8 milliamperes. 





RESET PN RE a ee A Ae 


ra oT TES a 


Peer ero 








488 PHYSICS: ALLISON AND DUANE Proc. N. A. S. 


Some of the intensity-voltage curves obtained are shown in the figure. 
The upper curve was taken on the direct beam through the slits unanalyzed 
by the calcite crystal. The middle and lower curves were obtained when 
the spectrometer was set so that radiation corresponding in wave-length 
to AgKa, az and AgKy, 8, respectively, and, of course, a small amount of 
general radiation in the immediate vicinity of these lines, was reflected 
into the ionization chamber. In the case of the curve for AgKy, 8, the 
slits were somewhat wider than those used for the total radiation and the 
alpha doublet. The curve for the total radiation constitutes practically 
a repetition of the experiments of Whiddington. 

The vertical heavy line in the figure represents the voltage V of Eq. (1), 
obtained by giving v the value to be calculated from } = 0.4850 A, which 
is the accepted value for the silver critical absorption wave-length. The 
value of V is 25,450 volts if h = 6.557 X 10-7, e = 4.774 X 107% c¢ = 
2.998 X 10?°. 

It is apparent that all the curves obtained show a rapid change in slope 
in the vicinity of this critical voltage, but it seems that there is no real dis- 
continuity at this point. As nearly as we can judge, the critical point in 
the experimental curves lies at the theoretical voltage within the limit of 
error (within 0.6%). It is easy to select values which are too high, due to 
the apparent absence of a discontinuity in the curve. This evidently 
explains the values obtained by Whiddington which are all much too high 
to fit in with the critical excitation voltages to be calculated from equations 
similar to (1) for the elements he investigated. 

We know from many previous experiments" that the primary radiation 
contains frequencies up to a certain limiting frequency whose relation to 
the voltage is shown by Eq. (1). The experiments reported in this note 
therefore prove that when the primary radiation contains frequencies at 
least as great as the critical absorption frequency, the corresponding 
characteristic line spectrum appears. In other words, in order to produce 
a fluorescent line spectrum the primary radiation must contain X-rays of 
frequency at least as great as that of the corresponding critical absorption, 
and this frequency is the same for all the lines in the series. 

As indicated in the preliminary report,* we have measured the wave- 
lengths of the Ka;, Kay lines in the fluorescent silver spectrum and ob- 
tained the values \Ka; = 0.55834 A. AKae = 0.56266 A. In calculating 
these wave-lengths d for calcite was taken as 3.028 A. The measurements 
were made in the third order of reflection, and the values given are un- 
corrected for refraction or for the temperature of the crystal. We have 
not extended these wave-length measurements to other elements as yet. 


1 NATIONAL RESEARCH FELLOW. 
2 Camb. Phil. Soc. Proc., 16, 150 (1911). 
3 Proc. Roy. Soc., Lond., A 85, 323 (1911). 
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4 Proc. Roy. Soc., Lond., A 87, 511 (1912). 

5 Phys. Rev., 7, 403 and 599 (1916). 

6 Proc. Nat. Acad. Sci., 3, 181 (1917). 

7 Other investigators who have performed similar experiments elsewhere: B. A. 
Wooten, Phys. Rev., 13, 71 (1919); F, C. Hoyt, Phys. Rev., 18, 333 (1921). 

8 Phys. Rev., 25, 581 (1925). 

9 Barkla and Sadler, Phil. Mag., 16, 550 (1908). 

10M. de Broglie, Paris Compt. rend., 158, 1493 and 1785 (1914). 

1! Clark and Duane, Proc. Nat. Acad. Sci., 11, 174 (1925). 

12 Webster and Ross, Proc. Nat. Acad. Sci., 11, 224 (1925). 

13 Duane and Hunt, Phys. Rev., 6, 166 (1915); A. W. Hull, Phys. Rev., 7, 156 (1917); 
D. L. Webster, Phys. Rev., 7, 599 (1916); Blake and Duane, Phys. Rev., 10, 624 (1917); 
A. Miiller, Archives Sciences, 46, 63 (1918); C. T. Ulrey, Phys. Rev., 11, 401 (1918); 
E. Wagner, Ann. Physik., 57, 401 (1918), and Jahrbuch Radioakt., 16, 190 (1919); 
Duane, Palmer and Yeh, Proc. Nat. Acad. Sci., '7, 237 (1921). 


THE CALCULATION OF THE X-RAY DIFFRACTING POWER AT 
POINTS IN A CRYSTAL 


By WILLIAM DUANE 
DEPARTMENT OF PHysics, HARVARD UNIVERSITY 
Communicated July 1, 1925 
In order to explain the diffraction of radiation on the quantum theory, 
the writer proposed! an hypothesis according to which the momenta of 
the radiation quanta are transferred to the diffracting material in multiples 


of h/a where h is Planck’s action constant and a is a “grating space.”’ 
The momenta of a quantum transferred in the directions of three axes may 


be written 
i ots = a mh PGR a tay = a tah 
r a r a2 
h 3h 
b=-(y-w = *™, (1 
r a3 


in which \ represents the wave-length, ao, Bo and yo, the direction cosines 
of the quantum before diffraction and a, 8 and y, the direction cosines 
after diffraction and 7, m2 and m3 are whole numbers. 

By an interesting application of the conception of ‘‘sinusoidal gratings’’ 
and of the ‘correspondence principle’ Epstein and Ehrenfest? have ex- 
tended this theory and have calculated the probability of the deflection 
of a quantum in the direction given by Equations (1). When a very large 
number of quanta strike the diffracting system, this probability represents 
the intensity of the radiation deflected in the said direction. The theory 
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shows that the intensity is proportional to the square of the coefficient of 
the term in the triple Fourier series, representing the density, p(x, y, 2), 
of the diffracting material (or diffracting power), which corresponds to 
the transfers of momenta given by Equations (1). The general term in 
the Fourier series representing the density may be written 


Anam sin (2 7 in) sin (Paw es in) sin (=e i in) (2) 


ay ae a3 











A is the constant coefficient and the 6’s are space phase angles. The 
correspondence between Equations (1) and the terms (2) means those 
equations and terms which have the same values of the /a’s. 

Epstein and Ehrenfest have shown, also, that, insofar as Fraunhofer 
diffraction is concerned, the proposed quantum theory and the wave theory 
reach identical conclusions, so that the above Fourier series analysis may 
be regarded as deducible from the wave theory. 

If we reverse the line of thought, and attempt to deduce the density, 
p(x, y, 2), of the diffracting power (or the density of the electron distribu- 
tion) in a crystal from the measured intensities of the various reflected 
beams by adding together the corresponding terms in the Fourier series, 
we find that these intensities do not determine the phase angles, 6. In 
other words, an indefinitely large number of distributions of diffracting 
power will produce beams of rays of precisely the same intensities in the 
same directions. It becomes necessary, therefore, to make further funda- 
mental assumptions. 

As one of these assumptions, we may suppose that the distribution of 
diffracting power conforms to the symmetry of the crystal. This sym- 
metry fixes the values of many, sometimes of all, of the 6’s as being either 
m/2 or zero. For example, if the crystal has three mutually perpendicular 
planes of symmetry and if we take the intersections of these planes as 
axes of coérdinates, the terms in the series can contain cosines only, for 
they must have the same values when we reverse the algebraic sign of 
either x, y, or z. In this case, therefore, the 6’s must be odd multiples of 
1/2. What the multiples of 1/2 really are is immaterial, since the coef- 
ficient, A, is the square-root of a measured quantity and its algebraic sign 
is not determined by the diffraction data. 

As a second example, suppose that the crystal has three mutually per- 
pendicular, two-fold axes of symmetry. In this case, if we take these axes 
as the axes of coérdinates, each term in the Fourier series may contain the 
product of three cosines, but, unless the codrdinate planes are also planes 
of symmetry, the series must contain terms with trigonometric sines. 
These sines, however, must occur in pairs. A term cannot contain the 
product of one sine and two cosines, nor can it be the product of three sines; 
for the term must have the same value when we change the algebraic signs 
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of any two of the three codrdinates x, y, z. In this case, therefore, the 
symmetry of the crystal fixes the values of the 6’s in each term as being 
either all three 7/2, or one of them 7/2 and the other two zero. 

The symmetry conditions often determine, also, the values of certain 
constants A, as being equal to each other. If the crystal possesses such 
complete symmetry as that of sodium chloride, all the A’s having the same 
values of m1, m2 and m3, but interchanged in any manner, must be equal to 
each other. 

The permissible values of the 6’s and the coefficients, A, which must 
equal each other can be deduced without difficulty from the symmetry 
conditions, where the symmetry is less complete than in the above men- 
tioned examples. 

Neither the intensities of the diffracted beams of rays nor the symmetry 
conditions determine the algebraic signs of the coefficients, A. It follows, 
therefore, that an indefinitely large number of distributions of diffracting 
power not only will produce diffracted beams of the same relative intensi- 
ties but will also conform to any given symmetry conditions. Sometimes 
such considerations as the exact position of the point chosen as origin of 
coérdinates, the fact that p(x, y, z) should not change its sign, the amount 
of diffracting material near a given point as compared with the number of 
electrons in an atom, etc., may enable us to decide which algebraic signs 
should be used for the more important terms. In general, if the crystal 
possesses three mutually perpendicular planes of symmetry, the inter- 
sections of these planes must be a point at which the density has either a 
maximum or a minimum value, and, if there is an atom at this point, it is 
natural to assume that the value of p(x, y, z) is a maximum there. There 
may, however, be other points in the crystal at which p(x, y, z) has maxi- 
mum values. For instance, in sodium chloride, we may suppose that the 
value of p(x, y, z) at the center of a chlorine atom is greater than’ that at 
the center of a sodium atom. Further, if in a case like sodium chloride, 
we take the origin of codérdinates at the center of a chlorine atom and, 
therefore, at a point where p(x, y, 2) has its greatest maximum value, it is 
natural to suppose that the terms in the Fourier series are all positive at 
that point. Taking this point as origin of coérdinates, this means that 
all the coefficients, A, are positive. 

If we analyze a crystal such as sodium chloride in accordance with the 
theory here proposed, we do not make any assumptions to the effect that 
the crystal contains atoms or molecules. We simply assume that the funda- 
mental principles of the theory represent the facts.and that the distribution 
of the diffracting power conforms to the crystal symmetry. In addition, 
we assume that if we take the origin of coérdinates at the center of the 
heaviest atom, all of the coefficients in the Fourier series have positive 
values. It will be shown by Dr. Havighurst in subsequent notes that the 
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analysis based on these fundamental assumptions leads to the conclusion 
that the diffracting power groups itself around points corresponding to 
the positions of the atoms as determined by other methods of X-ray analy- 
sis. 

In deducing the intensities of the beams of X-rays from the experimental 
observations, a number of corrections must be applied as follows: (a) A 
correction for the absorption of the radiation by the crystal. This in- 
cludes not only the ordinary absorption but also the selective absorption, 
both primary and secondary, that occurs when the analyzing crystal lies 
in such a position as to reflect the incident beam of rays. (b) Corrections 
due to the methods employed in making the measurements. ‘These depend 
upon whether large, single crystals are used or the well-known powder 
method. ‘They also depend upon the exact way in which the intensity is 
estimated, i.e., whether by the photographic or the ionization method and 
in the latter case, whether or not the crystal or ionization chamber is 
turned at a constant velocity through a given angle. (c) Corrections due 
to the polarization factor. (d) Corrections due to the fact that the dif- 
fraction of X-rays by a crystal, although very approximately Fraunhofer 
diffraction, is not strictly speaking exactly so. The quantum theory, as 
developed above, applies only to Fraunhofer diffraction, that is to dif- 
fraction in which the rays in the incident beam are parallel to each other 
and, also, those in the observed deflected beam are parallel to each other. 
We know that the equations deduced from the classical wave theory do 
not in general represent the experimental facts observed in the scattering 
of radiation. ‘This seems to be true in all cases in which there are trans- 
formations of energy to or from radiant energy. As a first approximation, 
however, we may perhaps use the classical wave theory to deduce the 
corrections to be applied for the very slight lack of parallelism in the 
beams of X-rays. The above corrections have been so thoroughly dis- 
cussed from the point of view of the classical wave theory in the literature 
on the subject® that it is not necessary to enter into details here. 

Strictly speaking, the theory developed here represents the distribution 
throughout the space occupied by the crystal of what we may call the time 
average of the density of the diffracting power. The passage from this 
to the space distribution of the time average of electron density involves 
an additional assumption. If we assume that the two densities are pro- 
portional to each other, the Fourier series represents the distribution in 
space of the time average of the electron density. It is interesting to 
compare the results obtained by this Fourier series analysis, as represented 
in the calculations made by Dr. Havighurst, with the results obtained by 
Compton, Debye and Scherrer, Bragg, James and Bosanquet and Bijvoet 
and Karssen (I. c.). 

Except in such cases as those above mentioned, in which the electron 
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distribution is calculated, the ordinary analysis of crystals by means of 
X-rays determines the positions of certain points, which are supposed to 
coincide with the mean positions of the centers of the atoms. Undoubtedly 
the points do coincide with the centers in simple structures. In the more 
complicated structures, however, in which the analysis fixes the values of 
certain parameters, the points may or may not coincide exactly with the 
centers. The values of the parameters are calculated from the relative 
intensities of the diffracted beams of rays, and in this calculation it is as- 
sumed, tacitly or otherwise, that the diffracting power has certain space 
distributions about the points. Undoubtedly, the values of the parameters 
of the points can be determined with considerable accuracy, for a slight 
change in them makes a great change in the relative intensities of reflections 
of higher orders. The relative intensities of these reflections of higher orders, 
however, depend upon the distribution of diffracting power about the points 
and a slight change in this distribution also corresponds to a very great 
change in the intensities. Hence the closeness with which the points de- 
termined by the analysis lie to the actual mean positions of the atoms de- 
pends to a considerable extent upon the precision with which the assumed 
distribution of diffracting power agrees with its real distribution. In the 
method of analysis described above the positions of the points corresponding 
to maximum densities of diffracting power can be determined with con- 
siderable accuracy. 

If the crystal reflects abnormally, theoretically the Fourier integrals 
should be used instead of the Fourier series. 


1 Proc. Nat. Acad. Sci., May, 1923, p. 159. 

2 Proc. Nat. Acad. Sci., April, 1924, p. 133. 

3 Debye, Ann. Physik., 43, 1914, p. 49; Darwin, Phil. Mag., 27, 1914, pp. 315 and 675; 
W. H. Bragg, Phil. Mag., 27, 1914, p. 881; Phil. Trans., A, 215, 1915, p. 253; A. H. 
Compton, Physic. Rev., 9, Jan., 1917, p. 29; Debye and Scherrer, Phys. Zeitschr., 19, 
1918, p. 474; W. L. Bragg, James and Bosanquet, Phil. Mag., 41, 42, 1921, pp. 309, 1; 
Darwin, Phil. Mag., 43, 1922, p. 800; Bijvoet and Karssen, Rec. Trav. Chim., 42, 1923, 
p. 859; James, Phil. Mag., 49, 1925, p. 585. 
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THE EFFECT OF COMMUTATION OF IMPEDANCES ON THE 
ACOUSTIC PRESSURE PRODUCED BY PAIRED 
TELEPHONIC SYSTEMS* 


By Cari Barus 
DEPARTMENT OF Puysics, BROWN UNIVERSITY 


Communicated July 14, 1925 


I. IJntroductory.—The general method to which this paper contributes, 
is briefly described in these PRocEEDINGS of May and July. While the 
acoustic pressure observed in the middle of a tube, at the ends of which 
the telephones operate, integrates the currents, it does not obliterate the 
phase differences. 

The paired telephones are joined by a straight tube, the nodal intensity 
at the middle of which is recorded by pin-hole probes communicating 
with the interferometer U-tube. The acoustic pressure in question, is 
proportional to the fringe displacement, s; or As, if its differential character 
is to be accentuated. 

2. Apparatus. Data.—The complicated relations encountered in the 
preceding papers made it desirable to devise means for exchanging induc- 
tances. The adjustments are indicated in the insert of figure 1, where 
T and T” are the paired telephones, FE the cell with periodic break, B, and 
S, S’, the switches for reversing the current in T or T’. The inductances 
‘Land L’ can be inserted either into the circuits T and 7’, respectively, as 
in the figure; or reversed so that L is inserted into the 7’ and L’ into the 
T circuit. This is done by the four-fold commutator K in which the brass 
strips 1, 2, 3, 4, when pointing toward the left join the corresponding 4 
contacts (1 to 4) below; or when pointing to the right (swivel) join the con- 
tacts 3 to 6, below. Contacts 1 and 5, 2 and 6 are metallically joined; 
and 1 and 2 or 5 and 6, contain the inductance L, 3 and 4 the inductance 
L’. The position of the strips, as in figure, will be denoted by J, the other 
position by JJ; so that for J, L is in the T and L’ in the T’ circuit. 

In the experiments following, L is the continuously variable millihenry 
standard, L’ the coil L; with or without iron cores, solid or fasciculated 
wire, as stated (see scheme, Fig. 1). The fringe displacements s obtained 
are given in figure 1 for loads L; of 10, 20, 30 millihenries as abscissas, 
when the counter-load is the coil L; only. In figure 2 the solid iron core 
is thrust into L; and in figure 3 the core is of wire. The three cases 
represent a succession of increasing inductance with the resistances con- 
stant. 

The phase graphs usually present no marked peculiarity. Their mean 
s-values (J and J) decrease with the load Li, while at the same time, the 


* Advance Note from a Report to the Carnegie Institution of Washington, D. C. 
a 
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graphs nearly coincident in figure 1 (uncored) separate widely in figure 
3. The JI graph in 3 is in part even above the JJ graph in figure 2 for a 
lower inductance. 

Very characteristic differences appear in the sequence graphs. In fig- 
ure 1 the observed graphs cross. This indicates deficient singing in the 
position J of the millihenry circuit, since the graph rises with the increas- 
ing m-h inductance, while the L; (coil) circuit carries the sound. The JJ 
graph has therefore been reversed into the dotted line //’, figure 1, for the 
opposed conditions prevail. The two graphs, J, JJ’, are nearly parallel 
and the rate is about 1.1s/m-h for each. 

In figure 2 the sound is carried by the standard m-h circuit, in both 
positions J and JJ. The impedence L; is now excessive. ‘The graphs have 


















































400\ 
B80] 
60 
A0|_ 
201, IN 
+0 7 r 
th 7 0 1<,,0mh 10 

aa Imi, 70 Oe aa \ | ons ; 
-40 _ eh pgoilonly\|” Tee ef fe Eee BE 

z An Pan he eS eae 8 
60 | Demet] “y, x OLS Bee, OES. is ate y 

he | ioe | y 

X | IY scud core |~ Os 
80} es pldoad cote | Ss) a 


Lene core. | 
therefore both been reversed as shown in’ andJJ’. They are here farthest 
apart. The mean rates are respectively 8s/m-h for Case I’ and 0.6s/m-h 
for Case IT’. 

In figure 3 the relations are of the same nature but reach a higher de- 
gree of displacement. The reversed curves, J’ and JJ’, are lower than 
before, but unexpectedly nearer together. The rates have decreased fur- 
ther to 0.7s/m-h for Case I’ and 0.4s/m-h for Case II’. This gradual 
fall of rate is summarized in the insert, a, in figure 3. 

The drop below the corresponding graphs of figure 1 has been on the av- 
erages As = 37 in figure 2 and As = 60 in figure 3. ' 

The data for As values of phase-sequence displacement at the same 
abscissas also make a coherent system, but cannot be given here. 

To throw additional light on these phenomena, resistances K in two iden- 
tical rheostats were directly compared with results such as detailed in the 
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example, figure 4. Keeping the resistance of one circuit constant (R = 
0, 100, 500 ohms), the other was increased in steps. The graphs show at 
once that one telephone is more efficient than the other. At R = R’ = 
100 ohms (constant), the anterior parts of the curves pass through minima 
(s = 0). These parts have therefore been reversed in the dotted lines. 

3. Quantitative Considerations.—The results contained in the graphs, 
implying that the two telephones are unequally sensitive, is a little puz- 
zling: their resistances and inductances are the same (Ry = 84 ohms, 
Ly = 0.06 henry) and the resistances of the standard (R = 9.7 ohms) and 
of the L; coil (R = 9.9 ohms), L = 0.32 henry are about the same. Every- 
thing should therefore depend on the external resistance or inductances, 
and if these are the same there should be no change of fringe displacement, 
s, on commutation. 

The difference in the paired and similar telephones may be due to the 
set of the plates; but as it occurs very uniformly so far as I have observed, 
it probably results from an induction impulse chiefly in one direction. 
In case of the sequence graph, the plates of the telephone would therefore 
be attracted and released, respectively, at any given time. These forces 
are liable to be unequally strong, the attraction probably being in excess. 

Hence if we call the amplitudes or displacement vectors of the plate 
T’ and 7, where T’ > T, the postulates T cos 6 < T slightly, and T’ > 
T cos 6 in marked degreé would account for most of the discrepancies, if 
6 is the lag due to the inductance L, initially. Subsequently 7, or else 
T’ are reduced by the successively increasing inductance of the standard. 
In the Case J the graph rises; in Case JI the observed graph falls and 
s = 0 is reached much later. 

Since tan 6 = Liw/R and Ly = 0.38 (cored coil 0.32, telephone 0.06) 
while R; = 94 (coil 10, tel. 84) and w = 2765, we find 6 = 84.9°, 
VR? + Le? = 1054, Liw = 1050. 

On the side of the standard R = 94 ohms also, while the L changes from 
0.010 to 0.030 henry. Thus 


L = 0.010 0.020 0.030 henry 

6 = 16.4° 30.5° 41.4° henry 

VR?+ Lia? = 98 111 125 ohms 
Lo = 27.6 55.3 82.9 ohms 


When L; and the standard are exchanged, the specifications (except L) 
remain about the same. 

If we take the case of the sequence graph, since the currents 7 and 7’ 
in the branches 7, T’ (Fig. 1, inset) are in parallel, E = Az/A V R? + L?w? 
follows as usual. But as the equality of fringe displacements s, s’, due 
to telephones 7, T’, respectively, is primarily in question, we may postulate 
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for small currents, 7 = s/c andi’ = s’/c’ in view of the difference of tele- 
phones in question. Hence the last equation reduces to E = As/{c/ 
VR? + L?w*—c'/»/R" + Lo, If As = 0 in the sequence graph, 
the denominator must also be zero. Thus R? + L?w? = (c/c’)? (R’? + 
L’*w?). Here the values of R, L, etc., are the total resistances and in- 
ductances. If we replace R by R + Ro, L by L + Lo, etc., where Ri,L 
are the external and Ko,lo the internal data, the modified equation is 
(R + Ro)? + (L + Lo)2w? = (c/c’)? {(R’ + Rh)? + (L + Lh)*w?}. This 
equation on commutation becomes (Ri + Ro)? + (Li + Lo)?w? = (c/c’)?- 
{(Ri + Ro)? + (Li + L})?w?} where L; and L’ are read off on the stand- 
ard. 

Now in the above circuit the resistances R are the same, i.e., R = R’ = 
R, = Ri; Ro = Rj; also Lo = Li and L = L} is the constant exchanged 
inductance. Hence if we subtract the two equations, a new equation, 
determining L if c/c’ is known, follows, since 


(s ) _ €4+ by +L) 
‘ (L' + Lo)?—(L + Lo)? 





c 


where L, and L’ are given. 

The difficulty of applying this equation to graphs, figure 1, et seq., is 
that As = 0, or the intersection of the graphs with the abscissa would 
have to be extrapolated and this is only feasible in figure 1, where, un- 
fortunately, the Lo of this coil (without core) was not directly determined; 
but equation states nevertheless if the data given be inserted 


(c/c’)? = ((L + 60)?—(65)?)/((100)?— (L + 60)?) 


so that L must lie between 40 and 5 millihenries; or since c/c’ > 1, between 
25 and 5 m-h. In general, however, 7 = s/c is not adequate, the more 
approximate equation being of the form so = se’”’ which though here 
inconvenient, interprets the curves as a whole, more nearly. 

When the sequence graphs cross as in figure 1, the unknown inductance 
is determinable at once. If we re-write the first of the above equations 
as As/E, and remember that here R = R,’ etc., that L (constant) is ex- 
changed, As/E remaining constant on commutation, 


VRE + Lio? 0, VRE + Lie 


Cc + rs SC eae 
VR? + L202 VR? + Lo? 








But at the point of intersection L; = L,;’ whence L = Li. In figure 1 
therefore the inductance of the coil is 23 millihenries. 

From this and the numerical equation for (c/c’)? the result is ¢/c’ = 
V4421 / V31ll = 1.19 indicating the degree of inequality of the two 
telephones in relation to the sequence graphs and resulting from the as- 
symetry of vibration of plates. 
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Such cases as figures 2, 3, etc., need a much larger standard of comparison, 
L; but these and other results are improved by the use of a small inductor 
(say 0.3 hen. in the secondary) and radio telephones. Omitting these, 
there is room here for Graph 4, obtained with the mere exchange of re- 
sistances, which merits some further attention. If R is the fixed resistance 
commutated, R’ and R” the counter values corresponding to positions J 
and J/, since internally Ly) = pe and Ry = Rj the equations reduce to 


(VR + Ro)? + Lie? . 1, VR+ Ro)? + Lio? 
V(R" + Ro)? + L2u? V(R! + Ry)? + Leo? 
A solution of this equation is R’ = R” = R, so that the paired curves of 


figure 4 intersect near R = 0, R = 100, R = 500 ohms (the case R = 100 
left without reversal). 

The case of As’ = 0 and As” = 0 for the two positions J and JJ, is 
available for R = 100 ohms. The other cases (R = 0 and R = 500) do 
not reach the abscissa. We thus have again 
e.. V(R + Ro)? + Liw? — VW(R" + Ro)? + L2w? 


c! VV (R' +R)? + Lio? = V(R + Ro)? + L?a® 

If we insert the values R = 100, R’ = 50, R” = 150 ohms, as given by the 
graphs and the constants Ly = 0.06 and Ry = 84, we obtain c/c’ = 1.16, 
in both cases, which agrees very well with c/c’ = 1.19 deduced from in- 
ductances, in the preceding section. 
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A STATISTICAL QUANTUM THEORY OF REGULAR 
REFLECTION AND REFRACTION! 


By R. T. Cox anp J. C. HUBBARD 
DEPARTMENT OF Puysics, NEw YORK UNIVERSITY 


Communicated July 6, 1925 


The success of the quantum theory and more particularly of that view 
of the quantum theory which regards the energy of the quantum as highly 
localized has made it seem important to various authors to attempt an 
explanation on the basis of that view of some of the phenomena of optics 
which have been regarded as typical wave phenomena. In the following 
discussion, only a statistical treatment will be attempted; i.e., only large 
aggregates of quanta will be considered and the media traversed by these 
quanta will be regarded as continuous. ‘The first of these restrictions is 
rendered advisable by the nature of the phenomena; the terms appropriate 
to the discussion of reflection, refraction and radiation pressure are scarcely 
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intelligible if applied to only a few quanta. The second restriction is sup- 
ported as regards quanta of low energy by the view widely held that such 
quanta occupy volumes large in comparison with intra-atomic distances, 
so that many electrons may be included in the volume occupied by one 
quantum. Compact quanta of large energy, such as those considered as 
acting in the Compton effect, are not contemplated in this discussion. 

It is assumed at the outset that the quantum traverses a medium with 
the velocity of light in that medium. It is further assumed that the 
change in velocity of a quantum as it passes from one medium to another 
is not accompanied by a change in its energy. 

The view is here adopted that the boundary surface between two trans- 
parent media has work done upon it by the incident radiation, and that it 
does work upon reflected or refracted radiation. By the principle of the 
conservation of energy the work in a given time done upon the surface is 
then equal to the work done by the surface. Consider a beam of unit 
cross-section incident normally upon such a surface. Let n, n’ and n” be 
the numbers of quanta per second in the incident, reflected and refracted 
beams respectively. We then have by the conservation of energy 


nhv = n'hv + n"hv (1) 


It is now assumed that the relation of the momentum to the energy in 
each beam is such that the work done upon the surface by the incident 
beam is proportional to pv, that done by the surface upon the reflected 
beam to p’v,, and that upon the refracted beam to p”v2, where p, p’ and 
p” are the respective pressures or momenta per square centimeter per 
second exerted by the incident, reflected and refracted radiation upon 
the surface, and v, and % are the respective velocities of light in the media 
1 and 2. 

We then have from (1) 


nhv/py = n'hv/p'y, = n"hv/p"r, = k (2) 


where k is a constant. If the medium 1 is a vacuum, nhv/pc = k = 1, 
since nhy/c = p. Accordingly, n’hy/y, = p’ and n"hv/v2 = p”, or, in 
general, 


nhv/v = p. (3) 


Thus the momentum of a linear stream of radiation in any medium is equal 
to the energy density of the radiation. From this result it is possible with 
the principle of least action to derive Fermat’s principle; with the principle 
of the conservation of momentum to derive the laws of radiation pressure; 
and with the principle of the conservation of energy to derive Fresnel’s 
equation for the relative intensities of the incident, reflected and refracted 
beams. 
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Let us write the principle of least action in the form 


b 
5 [Mas =0 


where M is the momentum and ds is the element of distance along the 
path from a to b. Replaeing M by hv/v, we have for the quantum: 


"] 
hy 
sf — ds = 0. 


Replacing ds/v by dt and dividing by hy, the energy of the quantum, as- 
sumed constant, we have: 


b 
5 fia = 0, or, 6(t—t,) = 0 (4) 


which is the mathematical expression of Fermat’s principle. Since the 
laws of the angles of incidence, reflection, and refraction are consequences 
of Fermat’s principle, we are now enabled to use these laws to derive the 
laws of radiation pressure. 

In the figure, let PQ represent the boundary between two media, 1 and 
2. Let the velocity of light in the first medium be 2, in the second medium 
be v. Let a, b and c be, respectively, 
the incident, reflected, and refracted 
beams, the angle of incidence being ¢ 
and the angle of refraction being @. 
Let the area of the portion of the bound- 
ary intercepted by the beams be unity. 
Let 1 be the number of quanta cross- 
ing unit area of the cross-section of the 
incident beam in unit time. Then nhy 
will be the intensity of the incident 
beam. Similarly let ’hv be the intensity of the reflected beam and 
n"hv be the intensity of the refracted beam. The number of quanta 
incident in unit time on unit area of the boundary will be 1 cos ¢, the 
number reflected from unit area will be ”’ cos ¢, the number refracted 
through unit area will be n” cos @. The normal component of the momen- 
tum of the quanta incident in unit time on unit area of the surface will 








4 


V1 v 


be 1 a cos? ¢, of the quanta reflected will be —n’ a cos? ¢, of the quanta 
Ul e 


; of = eee : 
refracted will be 1” — cos? 6, the positive direction being taken as down- 


ward. By the principle of the conservation of momentum the radiation 
pressure on the boundary will be 
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h 
p=n — cos? ¢ + n! me o—n"” e cos? 6. (5) 

UY YY Ve 
Replacing nhv by E, the intensity of the incident beam, n’hy by R, the in- 
tensity of the reflected beam, and n”hy by D, the intensity of the refracted 
beam, we have: 

p= => os cos? gt cos? 6. (6) 

V1 V2 





By exactly similar reasoning, we have for the tangential force per unit 
area on the boundary (the positive direction being taken to the right): 


T = == 
V1 





- cos ¢ sin 2 cos @ sin 0. (7) 
Ve 


These are identical with the expressions derived from the wave theory and 
verified experimentally for various cases by Lebedew, Nichols and Hull, - 
Poynting, and others. (Cf. J. H. Poynting, Phil. Mag., 9, pp. 169-171 
and 393-406, 1905.) 

By the principle of the conservation of energy and the constancy of hv, 
the number of quanta reaching the surface in unit time is equal to the . 
number leaving the surface in unit time. That is: 

n cos ¢ = n’ cos ¢ + n” cos 6 (8) 
whence, since 1, n’ and n” are respectively proportional-to E, R and D, 
E—-R __ cos 8 
nikita A wepnlen i (9) 
D cos } 
This is equivalent to Fresnel’s equation: 
a’—b? tang 


c? tan 0 








where a, b and ¢ are, respectively, the amplitudes of the incident, reflected 
and refracted beams; for the intensity of the beam is directly proportional 
to the square of the amplitude and inversely proportional to the velocity 
of propagation. Hence: 
v1, (E—R) _ tang 
VD tan 6 ; | 





or: 
E-R_%tan@ _ sin@ tang _ cos 0 
D % tan@é sing tan@ cos@ 
as above. 


The essential point of the foregoing discussion is that the laws of re- 
flection and refraction of light are inherent in the ascription to the quantum 
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of the momentum hy/v without the use of any other postulate. As to the 
extent that the mechanism of radiation is determined by this assumption 
the authors have reached no definite conclusion. They believe, however, 
that a study of the consequences of this assumption may yield information 
on the nature of the quantum itself. 


1 The substance of this paper was presented before the American Physical Society, 
April 25, 1925. Abstract, Phys. Rev., 25, p. 896, June, 1925. 


THE DISTRIBUTION OF DIFFRACTING POWER IN SODIUM 
CHLORIDE 


By R. J. HAvicHursT! 
JEFFERSON LABORATORY, HARVARD UNIVERSITY 
Communicated July 1, 1925 
Duane (cf. preceding note, page 489) has applied Epstein and Ehrenfest’s? 


quantum treatment of the problem of Fraunhofer diffraction to the determi- 
nation of the distribution of diffracting power in a crystal. The use of his 


ideas leads to the following expression for the ‘‘electron density’ at a 
point (xyz) in the unit cell of a crystal of NaCl: 
yyy ? 
P(xys) = renee, hoe cos 2rmx/a cos 2rney/a cos 2rn3z/a_ (1) 


where 1, %2, m3 are the Miller indices of the different crystal planes multi- 
plied by the number representing the order of reflection; a is the length of 
side of the unit cell; A,,.», is the square root of the intensity of the re- 
flection from the plane (1:23), and has the same value for all combinations 
(plus and minus) of these numbers. The expression ‘‘electron density”’ 
will be used for the purpose of brevity, but it must be remembered that 
what is obtained from (1) is not necessarily the actual distribution of elec- 
trons, but rather the distribution of diffracting power. 

In order to determine the electron density at a point in.a crystal of 
NaCl, it is necessary to have experimental values for the A’s out to fairly 
high values of mon3. The best measurements of these quantities have 
been made by Bragg, James and Bosanquet.* ‘Their theoretical expression 
for the intensity of reflection of X-rays at an angle 6 from a single crystal 
face is: 

b sin? 6 
[a Nfr* (1 + cos? 26) ce (2) 
F(u) sin 20 





: , : . ny 
N is the number of electrons per unit volume; f is a function of —— and 
sin 
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6 sin? 6 
of the arrangement of the diffracting points in the atoms;e™ ™ is the 
Debye temperature factor. Of the members of the expression, only f? 


b sin? 6 


ande~ *™ are functions of x = 2d/n, independent of the wave-length 
sin 


and angle of reflection for the same spacing of a crystal. To each atom 
belong certain values of f?, and these values vary with the angle of re- 
flection (or with d/n) in a manner determined by the arrangement of dif- 
fracting power within the atom. The other members of the expression 
have nothing to do with the internal arrangements of the atoms. Bragg, 
James and Bosanquet (for the sake of brevity we will hereafter refer to 
these authors by their initials, B., J., B.), after measuring J, solved (2) for 
f’, and, using the values of f at different angles, deduced possible electronic 


configurations for the atoms. The procedure adopted in this paper is to 
b sin? 6 











solve (2) for values proportional to f’e~ ™ , using the data of B., J., B. 


The result is a function of the space distribution of the time average elec- 
tron density of the crystal. Because the work of James‘ has made the 
evaluation of the constant b so uncertain, it was thought best to make no 
attempt to correct for the Debye factor, which would result in a determina- 
tion of the distribution of electron density at the absolute zero. B., J., B. 
split each value of f into two parts, one due to chlorine and the other to 
sodium, and determined the electron distributions in the separate atoms. 
In the theory we are using, there is no a priori assumption as to the exis- 
tence of atoms or ions in the crystal. The average electron density will 
be found to have certain maxima in the unit cell which must correspond 
_ to the atoms, and the fact that the maxima have different magnitudes 
points to the fact of the existence in the crystal of atoms of different kinds. 
b sin? 6 

The square root of fe~ ™ is proportional to the A in (1). B., J., B. 
did not measure the intensity of reflection of every crystal plane, but they 
measured the intensities of reflection from 18 planes, going as far as mnqn3 = 
10, 0, 0. These intensities, when plotted against some function of 0, lie 
reasonably well on one or the other of two smooth curves. The intensities 
on one curve are due to reflections from planes which are all alike and con- 
tain equal numbers of Na and Cl atoms, so that the amplitudes from each 
plane add. Those on the other curve are due to planes which contain 
alternately all Cl or all Na atoms, and consequently interfere destructively 
in the odd orders. Even order reflections from these planes fall on the 
other curve. The experimental values of the A’s have been plotted against 
sin 6, smooth curves drawn through the points, and values of A for all the 
values of 1ynen3 included on the curves have been read off. It was neces- 
sary to extrapolate the curve for planes which alternate with Cl and Na, 
as the observations did not extend over quite as great a range as those on 
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the other class of planes. Values of Ayn», were thus obtained for the 
first 46 sets of planes. These values are shown in table 1. They are to be 
substituted in expression (1). 


TABLE 1 

nN2Ns 111 200 220 311 222 400 331 420 
A S08: AGO 16s 2 8 B80 7.45 1.44 46.49 
NNoMs 422 511 333 440 531 600 442 620 
"A 5.72 1.37 1.37 4.70 £27 4.32 4.32 3.98 
NNons 533 622 444 711 551 640 642 553 
A 1.22 3.60 340: i220 230 200° 6270... aI2 
mn2Ns 731 800 733 820 644 822 660 751 
A 1.12 2.22 1.08 2.00 2.00 1.80 1.80 0.94 
mmm, 555 662 840 753 911 842 664 931 
A 0.94 1.60 1.48 0.85 0.85 100 1. OF 

mneNs 844 771 755 933 860 10,00 


A 1.00 0.73 0.73 0.73 0.95 0.95 


In figure 1, the electron density has been plotted against the distance from 
the origin, which, except for the lowest curve, is the center of a chlorine 
atom. The first three curves, from the top down, represent the variation 
of the electron density along the cube edge, body diagonal and face diag- 
onal. If they were all plotted to the same scale of abscissae, the correspond- 
ing peaks on the curves would be seen to be practically identical. Along 
the cube edge and body diagonal, there is evidently an alternation of two 
kinds of atoms. But along the face diagonal, all atoms are alike. The 
bottom curve shows the distribution along a line parallel to that represented 
by the curve just above it, with the origin shifted to the point (1/2, 0, 0). 
Again there is a succession of similar atoms but the peaks are not so high 
as those of the other curve. They very clearly represent sodium atoms. 
The three upper curves give density distributions in 22 directions from the 
origin. 

There is a small but persistent difference in the character of the peaks 
representing the two kinds of atoms. It will be noticed that the density 
in the peak representing chlorine drops to zero and then goes up again to 
a small positive value, finally dropping down to a haphazard variation about 
zero. This might perhaps be attributed to the fact that all the terms of 
the Fourier’s series have not been used, but it should hardly be found in 
the same place on all three curves if that were its cause. Furthermore, 
if the curves from which the A’s were obtained are extrapolated, and the 
values of the next half-dozen coefficients in the series thus determined, it 
is found that the “humps” still persist and become slightly more pro- 
nounced. ‘The implication of this little hump is that there is an outer 
shell of electrons in the chlorine atom, in which some of the electrons re- 
main for a time, but no similar shell is to be found in the sodium atom. 

Spherical symmetry of the atoms, insofar as the time average is con- 
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cerned, seems to be proved by the curves, and if this symmetry actually 
exists, it should be possible to determine the relative amounts of diffracting 
power in the two peaks. The amount of diffracting power in a shell of 
radius y and thickness dr is proportional to pr’dr. Consequently, if pr? 
is plotted against 7, the area under the curve should represent the total 


Density (P) 





FIGURE 1 


amount of diffracting power in the atom. ‘The ratio of the areas of the 
curves for the two atoms should represent the ratio of their relative amounts 
of diffracting power, and consequently, as ordinarily understood, the ratio 
of the numbers of extranuclear electrons in them. If the curves are ac- 
curate enough, it should be possible to tell whether the points of the crystal 
lattice are occupied by atoms or by ions. The method of B., J., B. of doing 





ee 
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this required an extrapolation, as also did the method of Debye and 
Scherrer.’ B., J., B. were unable to decide between atoms and ions in NaCl. 

Figure 2 represents the density distribution for chlorine and sodium ob- 
tained in the manner described in the preceding paragraph. All the points 
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from the curves of figure 1 have been used. The points all fall on the curves 
very satisfactorily, with the exception of the last few points in the sodium 
peak of the curve for p(x=y=z). Because the volume of a shell in- 
creases as the square of the radius, the outer hump of the chlorine is very 














VoL. 11, 1925 PHYSICS: R. J. HAVIGHURST 507 


evident in this figure. Beyond these curves, the points would vary about 
zero in haphazard fashion. When the curves are drawn to a large scale, 
and the areas measured with a planimeter, the ratio of Cl to Na is found 
to be 1.78. The ratio of the numbers of electrons in the ions is 1.8, and 
the ratio of the numbers of electrons of the neutral atoms is 1.55. The 
existence of ions seems to be indicated. But it is apparent that in the 
curve for sodium, one series of points, representing p(x=y=2), falls 
outside of the curve. A check of the calculations disclosed no mistake. 
Probably the limit of accuracy of the ratio is about 10%, and conclusions 
should hardly be drawn from these figures. But if equally good data could 
be obtained for crystals with lighter elements, e.g., NaF or LiF, it should 
be possible to decide definitely between the two alternatives. 

The problem of extinction® must be considered in the experimental 
determination of these relative intensities. B., J., B. used a method of cor- 
recting for the secondary extinction, and their corrections have been ap- 
plied to the data we have used, but a method of determining relative in- 
tensities without the necessity of making this rather uncertain correction 
is to be desired. It has been often pointed out that the use of powdered 
crystals would obviate the difficulty due to secondary extinction. Work 
is being done in this laboratory by this method, and it is hoped to check 
the results of B., J., B. on NaCl as well as to make determinations on other 
crystals. : 


1 NATIONAL RESEARCH FELLOW. 

2 Epstein and Ehrenfest, Proc. Nat. Acad. Sci., 10, 133 (1924). 

3 W. L. Bragg, James and Bosanquet, Phil. Mag., 41, 309; 42, 1 (1921). 
4 James, Phil. Mag., 49, 585 (1925). 

5 Debye and Scherrer, Phys. Zeit., 19, 474 (1918). 

6 Darwin, Phil. Mag., 43, 800 (1922). 


THE DISTRIBUTION OF DIFFRACTING POWER IN CERTAIN 
CRYSTALS 


By R. J. Havicuurst! 


JEFFERSON LABORATORY, HARVARD UNIVERSITY 


It has been shown (cf. two preceding notes, pp. 489, 502) that the 
distribution of diffracting power in the unit cell of a crystal with the NaCl 
or CsCl structure may be represented by a Fourier’s series of the form: 


Prxyz) = oe A mmnony COS 20\x/a cos 2rnzy/a cos 2rn3z/a (1) 


where Ayn, is the square root of the intensity of, reflection of X-rays 
from the plane (mms); m1, m2, m3 are the Miller indices of the different 
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crystal planes, multiplied by the number representing the order of re- 
flection. The purpose of this paper is to demonstrate the application of 
this series with some qualitative data which is available. 

Figs. 1 and 2 represent the distribution of electron density in crystals 
of KI, NH,I, and NH,Cl. They show (what is already well known from 


Density (P) 





FIGURE 1 


previous work) that the first two have the NaCl structure and the last 
has the body-centered CsCl structure. Values for the A’s to be substituted 
in (1) were obtained from data taken in the course of some precision meas- 
urements on the lattice constants of these crystals.2 The intensities were 
estimated visually from powder photographs. Only rough corrections 
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were made for variation of intensity due to polarization, absorption, in- 
creasing radius of the diffracted cone, etc., for the data are at best only 
qualitative. It is important to have intensities from as large a number of 
planes as possible. Fortuitous errors in individual coefficients will neutral- 
ize each other, provided a large number of coefficients are used; and the 
curves do not begin to take their final shape until a fairly large number of 
terms in the series are evaluated. The data on the substances mentioned 
above were fairly complete, and were used for that reason. Relative in- 
tensities of the reflections from 29 planes of KI were used. For NH,I 
there were 22 values of the coefficients, and 28 for NH,Cl. 


Density (P) 





FIGURE 2 


The distributions of electron density along the cube edge and body and 
face diagonals of KI are shown in figure 1. The bottom curve represents 
the density distribution along the cube edge of NH4,I, which has the same 
structure as KI. That the diffracting power of NH, is much smaller than 
that of K is clearly shown. NH,Cl has a body-centered structure, as is 
shown in figure 2. Along the cube edge, there is a succession of similar 
atoms, in this case chlorine. If the origin were shifted to the point (1/2, 
1/3, 1/2), some of the coefficients would become negative when «x is zero, 
and there would result a succession of similar smaller peaks, representing 
NH,. Along the body diagonal, there is an alternation of two kinds of 
electronic groups, as shown in the lower curve. 
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The width of a peak includes, of course, the amplitude of thermal agita- 
tion. This amplitude is generally considered to be much smaller than the 
width of these peaks. 

The expression for the electron density of diamond is not so simple. 
The structure of diamond is that of two interpenetrating face-centered 
cubes, the origin of one being at the point (1/4, '/s, 1/4) with respect to the 
origin of the other. The origin of the unit cell is no longer a center of sym- 
metry, and there are no axial planes of symmetry running through it. 
Consequently the phase constants of the terms of the Fourier’s series (cf. 
preceding two papers) are mot equal to an odd multiple of 1/2, and the series 
does not become a simple cosine one. However, if the two interpenetrat- 
ing lattices are treated separately, each may be expressed by a simple 
cosine series, and the problem is to combine the two series. For a point 
(xyz) in the unit cell: 

P(xyz) = - nied A hrm COS 24m\x/a cos 2Zenzy/a cos 2xn3z/a 


” . . 
+ Amn; COS 20mx’'/a cos 2rney'/a cos 2xn32'/a 


where x’ = x—a/4; y’ = y—a/4; 2’ = z—a/4. Abin, is the coefficient 
for plane (m:men3) due to the first lattice; Avjimm iS the coefficient for the 
same plane due to the second lattice. Therefore: 


SVT, : 
Prxys) = ~~~ Anmn, COS 24mx/a cos 2aneyv/a cos 2rn3z/a 


mi N2 Ng 
+ A iron COS (2rnyx/a—nyr/2) cos (2rney/a—ner/a) 
cos (24n3z/a—n3r/a). (2) 


The second term on the right will be positive or negative, with sines or 
cosines, depending upon the values of m, m2 and m3. The measured A is 
the algebraic sum of A’ and A”. Since we are here dealing with interpene- 
trating lattices of carbon atoms, it might be supposed that A’ equals A”. 
Then it would be possible to evaluate the coefficients of the series. The 
curves of figure 3 were obtained on this assumption. But if A’ equals 
A”, there should be no (222) reflection, as its coefficient is (A’—A”), or 
zero. W. H. Bragg* has found a very faint (222) reflection. This must 
mean that the distribution of reflecting power of the atoms of one lattice 
is not equal to that of the atoms of the other, perhaps because of a differ- 
ence of orientation of electrons. If (A’—A”) has a positive value, it is 
possible, knowing the value of (A’ + A”) at the same angle (from interpo- 
lation on a curve as described in the preceding paper), to get the ratio of 
A’'/A", and to separate each measured A into two parts on the basis of 
this ratio. The ratio A’/A” will vary with the angle of reflection. 
The curves of figure 3 were obtained by substituting in (2) the values of 
A from Hull’s data‘ for reflections from powdered diamond. It will be 
noticed that at the half-way point along the cube edge, and at the half and 
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three-quarter way points along the diagonal, there are slight humps, 
although there are no atomic centers at these points. One explanation 
is that these represent valence electrons, another is that the assumed 
equality of A’ and A” has produced the humps, which would disappear if 


Density (Pp) 





FIGURE 3 


the values of A’ and A” were changed properly. Of more accuracy than 
Hull’s visual estimates of intensities are the spectrometric intensities 
measured by W. H. Bragg (loc. cit.). Bragg’s intensities were corrected 
for polarization and the factor 1/sin 20, as described in the preceding 
note, and then used in (2). The curves are very similar to those of figure 3, 





—- 





512 PHYSICS: A. K. BREWER Proc. N. A. S. 


showing the same abnormal humps when A’ and A” are assumed equal. 
If, from the value of (A’—A”) obtained from the (222) reflection, the ratid 
A’'/A” is calculated, and the coefficients in the series adjusted accordingly, 
the humps are very nearly wiped out. 

The data on intensity of reflection from diamond are not at all satis- 
factory. As Bragg indicated, there seems to be a strong effect of secondary 
extinction, which has been left out of consideration. This effect, or some 
unknown one, is illustrated clearly if Bragg’s intensities are corrected by 


the factor ee and plotted against 6. The curve, instead of rising 


+ cos? 

rapidly at small values of 6, reaches a maximum and then decreases as 0 
decreases. This anomalous behavior could be explained as a secondary 
extinction effect, which becomes more effective in decreasing the reflected 
intensity at small angles or large intensities. Some powder method data 
of Debye and Scherrer,® which is presumably free from the effect of secon- 
dary extinction, shows a normal decline of the corrected intensity for the 
first few reflections from diamond. 

It is quite evident that no conclusions can safely be drawn from the 
curves concerning the electron density distribution in diamond. How- 
ever, they serve to indicate that the more complex structure of diamond 
can be treated by this method, provided that accurate intensity data can 
be obtained. 


1 NATIONAL RESEARCH FELLOW. 

2 Havighurst, Mack and Blake, J. Amer. Chem. Soc., 46, 2368 (1924). 
3 W. H. Bragg, Proc. Phys. Soc., London, 33, 304 (1921). 

4 Hull, Physic. Rev., 10, 661 (1917). 

5 Debye and Scherrer, Phys. Zeit., 19, 474 (1918). 


IONIZATION PRODUCED IN GASEOUS REACTIONS 


By A. KertH BREWER! 
NorRMAN BRIDGE LABORATORY, CALIFORNIA INSTITUTE OF TECHNOLOGY 


Communicated June 22, 1925 


The presence of ionization in chemical reactions has been detected by 
a large number of investigators. The nature of the ionization has remained 
obscure due largely to the fact that most of the reactions studied were 
accompanied by physical phenomena which might in themselves produce 
the observed ionization. The author has shown in previous papers?® that 
reacting gases become conductors of the current; and that the conductance 
is proportional to the number of molecules reacting, and to the potential 
drop between the electrodes. 
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It is the purpose of the present paper to present evidence regarding the 
formation of ions in reacting gases, and to suggest an hypothesis to explain 
the mechanism of ion formation. 

When ethy-alcohol and oxygen were allowed to react between gold elec- 
trodes, at temperatures below that of ignition, the following facts were 
observed: (1) The current flowing between the electrodes was proportional 
to the applied voltage over the range investigated (the mean potential 
gradient was varied between 0 and +2400 volts per centimeter). (2) 
The change of sign of the charge applied to the reaction chamber changed 
only the direction of the current, and did not change the order of magni- 
tude. (3) The current increased exponentially with the temperature (a 
10° rise in temperature resulted in a 40% increase in conductance). 

When aluminum electrodes were substituted for the gold the current 
flowing through the reacting gas became barely detectable. (The appara- 
tus was sensible to a current of 10~'* Amperes.) Copper electrodes gave 
a current slightly larger than that observed with the gold when a negative 
charge was placed on the hot outer electrode; almost no current was ob- 
served when the electrode was charged positively. Glass electrodes gave 
a current for both positive and negative applied potentials, but the current 
for the negative was slightly larger than for the positive. 

From these data it was concluded that the ions are formed in the layer 
of gas in immediate contact with a conducting surface, and not in the gas 
space between the electrodes; and that both positive-and negative ions 
are formed in equal amounts on the same surface, showing the phenomenon 
to be ionic and not electronic. 

The fact that no approach to a saturation current was observed, and that 
the ions were formed only in immediate contact with a conducting surface, 
lead to an interesting conjecture regarding the mechanism of ion formation 
and surface catalysis. An ion or polar molecule when coming within a 
certain distance (about 10~‘ centimeters) of a conductor, charged or un- 
charged, is drawn towards the surface by the attraction of its electrostatic 
image in the conductor. In immediate contact with the surface this 
force is comparable with the force holding ions together in the molecule. 
Although the exact conditions existing on the surface are not known, it 
is possible that it is this force that breaks the molecules up into ions, and 
thus produces the activation necessary for reaction. 

On this hypothesis ions are formed at or near the surface, and are ejected 
by kinetic agitation. The rate of recombination of the ions in moving away 
from the surface is, of necessity, very rapid; this results in a like rapid in- 
crease in effective ion concentration upon approaching the surface. 

The currents observed are constituted by those ions which the field is 
able to draw away against the image attraction. Neglecting kinetic con- 
siderations, any ordinary potential field will be able to remove only those 
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ions from the reacting film which have moved out to about 10~‘ centi- 
meters from the surface. A voltage capable of giving saturation would 
be far above that sufficient to cause a spark. Consequently, this rapid 
increase in the concentration of the ions towards the surface must give 
rise to an apparent straight line relation between voltage and current, 
with no appearance of saturation. 

If it is assumed that a certain critical velocity of the ions from the surface 
is necessary for their detection, the variation of the current with tempera- 
ture follows directly from Maxwell’s distribution law. This predicts that 
where there is a wide difference in mass between the positive and negative 
ions, the ionic current, for positive and negative applied voltages, will 
differ slightly in magnitude. The limited experiments that have been 
carried out to test this point tend to substantiate the hypothesis. 

The writer wishes to express his thanks to Professor R. A. Millikan for 
his many valuable suggestions; to Dr. C. F. Burgess, of the Burgess Battery 
Company, Madison, Wis., for the gift of fifty 45 volt radio B batteries; 
and to the Department of Physical Chemistry, University of Wisconsin, 
for the loan of the gold electrodes. 
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2 A. K. Brewer and Farrington Daniels, Trans. A. Electrochem. Soc., 44, 257 (1923). 
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IONIZATION OF MERCURY VAPOR BY ULTRA-VIOLET LIGHT 
By G. F. Rouse anp G. W. GippINcs 
UNIVERSITY OF WISCONSIN 


Communicated June 20, 1925 


In 1909 Steubing! obtained experimental results which indicated that 
mercury vapor can be ionized by light from a quartz mercury arc. Later 
investigators have been inclined to doubt that he obtained true vapor 
ionization. One reason for this is that according to the quantum relation 
Ve = hy only light of wave length 1188A or less should be able in a single 
process to ionize mercury vapor. Steubing used no wave lengths below 
1850A. Also Steubing’s experimental conditions seem to have been such 
that a careful distinction could not be made between a true ionization of 
the vapor and a photo-electric effect from the electrodes. In view of 
these uncertainties a repetition of Steubing’s work has been carried out 
under better experimental conditions. 

Light from a quartz mercury arc is passed through mercury vapor be- 
tween two plane parallel electrodes symmetrically placed with respect to 
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the beam, and between which suitable driving potentials are applied. 
One electrode is a rectangular plate of sheet nickel, and the other a grid 
of fine nickel wire. ‘Thus the ratio of the areas exposed to the photo-elec- 
tric action of scattered light is fairly large, in one case 7.6 and in another 
case 5.2. If the only action of the light is on the electrodes, then the 
negative currents, from each electrode in turn, measured under exactly 
similar conditions, should bear approximately the same ratio to each other 
as do the areas. On the other hand, any current due to volume ionization 
of the vapor will be at least very nearly independent of the area of the 
particular electrode to which the positive ions are being driven, that is, 
independent of the direction of the driving field. Thus if the ionization 
current is increased by increasing the density of the mercury vapor, until 
it becomes large compared with the photo-electric current from the elec- 
trodes, one would expect that the ratio of the total currents to the large 
and small electrodes, respectively, would approach unity. 

The tubes used were either of quartz or of pyrex with quartz windows. 
Before observations were taken the tube was baked out at 400°C., with 
the pumps running, until the McLeod gauge indicated a pressure of less 
than 10-* mm. Hg. During observations the pumps were kept running 
continuously, and the pressure as indicated by the McLeod gauge was at 
all times less than 10~-* mm. Hg. 

When a hot mercury arc is used as a source of light the ratio of the 
currents to the two electrodes has a value approximately equal to the ratio 
areas, which is to be expected if the effect is a photo-electric action on the 
electrodes. The magnitude of these currents decreases with increasing 
mercury vapor pressure, due to the fact that less light reaches the electrodes, 
and the ratio of the currents remains practically unchanged. Therefore 
it is concluded that a hot mercury arc does not produce ionization in 
mercury vapor. 

When a water cooled mercury arc is used as a light source it is found that 
for low vapor pressures the ratio of the currents is practically the same as 
the ratio of the areas. As the vapor pressure is increased a point is reached 
at about 0.2 mm. (approximately 100°C.) at which the currents begin to 
increase and their ratio to change. Finally at saturated vapor pressures 
in the neighborhood of 10 mm. (corresponding to a temperature of about 
170°C.) the currents reach a maximum value more than one hundred times 
as large as the currents obtained under exactly similar conditions with the 
hot arc, and their ratio becomes practically unity. This indicates a true 
ionization of the vapor, and the fact that a cooled arc is necessary shows 
that to obtain the effect the core of the line 2536A must be present in the 
exciting light. 

Since, according to.the quantum relation given above, there is no single 
wave length present in the exciting light of sufficient energy to ionize, some 
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sort of a cumulative action must occur. By keeping the driving potential 
between the eiectrodes at a small value, 0.1 to 1.5 volts, the possibility 
that the effect is due to the combination of a single electron impact with an 
atom excited by 2536 light is excluded. Another possible explanation is 
that the energy necessary to ionize comes from the line 2536A and some 
22 line which the atom, already excited by 2536 light, is in a condition to 
absorb. A small additional amount of energy must be derived from other 
sources, possibly from thermal impacts. The possible existence of such 
a cumulative action was investigated. The group of lines at 2483A, the 
line 2446A, the two lines at 2399A, and the line 2378A are all 2pe lines. 
The light from a cooled arc was passed through a spectrometer and these 
lines together with the 2536 were refocused in the vapor between the 
electrodes. An easily measurable ionization current, of the order of 10~'* 
amp., was obtained. As these 2» lines were progressively cut off toward 
the 2536 no decrease in current was observed, showing that the effect is 
not due to the combined action of the 2536 and a 2f» line, but to the 2536 
alone. In some of the early observations a combined action of the 2536 
and some of the above lines seemed to occur. While later work has not 
confirmed this, there is still a possibility that under certain conditions such 
combined action may take place. 

There are other possible explanations of the effect. Atoms excited by 
2536 light, and therefore possessing energy equivalent to 4.9 volts, may by 
impact upon the electrodes give up their energy and cause emission of 
electrons from the electrodes. The diffusion of excited atoms is uninflu- 
enced by the driving field, and therefore should be the same in all directions 
from the path of the exciting beam, so that the number of excited atoms 
striking each electrode should be proportional to the area of the electrode. 
Consequently the asymmetry of the currents from the two electrodes should 
be preserved if an action of this type takes place. The fact that in the ob- 
servations the asymmetry was not preserved seems conclusive evidence 
that the action is not of this type. 

There is also the possibility that in collisions between two excited mercury 
atoms one of the atoms gives up its energy to the other. To produce 
ionization additional energy equivalent to 0.6 volt must be derived from 
other sources, possibly from thermal impacts. It is proposed to examine 
this possibility by making quantitative measurements of the variation of 
ionization current with temperature and with intensity of exciting light. 

As a check on the work just described, Dr. Foote suggested that we use 
a method which he has developed involving a tube similar to that described 
by Kingdon.? Driving potentials from 0.01 to 2.5 volts were used between 
the filament cathode and the anode. It was found that the thermionic 
current increased by a factor of about 4 when light from a cooled mercury 
arc was passed through the vapor in the tube. This increase in current 
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due to the neutralization of the space charge by positive ions is evidence 
of ionization. Wher a hot mercury arc was used no increase in thermionic 
current was observed. 
The process of ionization which we have here demonstrated seems to be 
of a very interesting type, and it is proposed to continue the study of it 
with the idea of working out the details of the cumulative action involved. 
1 Steubing, W., Physik. Zeits., 10, 1909 (787-793). 
? Kingdon, K. H., Physic. Rev., 21, 1923 (408-418). 


MODIFIED AND UNMODIFIED SCATTERING COEFFICIENTS OF 
X-RAYS IN MATTER 


By O. K. DEFoE Anp G. E. M. JauNCcEY 
WASHINGTON UNIVERSITY, St. Louts, Mo. 


Communicated July 14, 1925 


In all methods of calculating the scattering coefficient from the intensity 
of the X-rays scattered in a certain direction ¢ and the intensity of the 
primary rays the assumption has been made that the scattered rays have 
the same wave-length and therefore the same absorption coefficient as 
the primary rays. However A. H. Compton! has shown that part of the 
scattered rays are scattered with a change of wave-length 


5X = hvers ¢/mc (1) 


where ¢ is the angle of scattering and h, m and c have their usual signifi- 
cance. Compton calls the X-rays scattered with change of wave-length 
and therefore of absorption coefficient modified rays, while he calls the 
rays scattered without change of wave-length unmodified rays. Due to 
the existence of both modified and unmodified rays it becomes necessary 
to recogonize two scattering coefficients. We shall represent the linear 
scattering coefficient of the modified X-rays scattered per unit solid angle 
in the direction @ with the forward direction of the primary rays by s’ 
and the coefficient of the unmodified rays by s. 

MeEtuHop I. In Crowther’s method? of experimentally obtaining the 
scattering coefficient in a direction ¢ a thin slab of the scattering substance 
is placed with its faces vertical at the axis of an X-ray spectrometer. The 
slab is turned so that the normal to either face bisects the scattering angle 
¢. The ionization chamber is first placed at a scattering angle ¢ and the 
saturated ionization current J, measured. Next the chamber is placed at 
zero angle so as to receive the fraction of the primary X-rays which pene- 
trate through the slab and the current J measured, the position of the slab 
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remaining the same as when J, is measured. We now proceed to develop 
formulas for the calculation of both sands’. The technique of our method 
is to transfer a certain thickness of aluminum from a position where this 
thickness intercepts the primary beam of X-rays before they fall upon the 
scattering slab to a position between the scattering slab and the ionization 
chamber which is set at an angle ¢. Different readings of /, are obtained 
for the two positions of the aluminum. Let ¢ be the thickness of the 
scattering slab, P the thickness of the aluminum in the primary rays, T 
the thickness of aluminum in the scattered rays, and RK the distance from 
the scattering slab to the window of the ionization chamber. In our 
method P + T is kept constant. Also let yu; be the linear absorption 
coefficient of the primary X-rays and py, that of the modified rays in alumi- 
num, let ys; be the absorption coefficient of the primary and yp, that of the 
modified rays in the scattering substance, and let yu; be that of the primary 
rays in air and ys that of the modified rays in air. (There is air between 
the ionization chamber window and the scattering slab.) Also let A be 
the area of the ionization chamber window (A must be large enough to 
admit the entire pencil of the primary X-rays whose intensity is /). We 
now have : 
I, = C{S + S'e~@7 +” (e&—1)/g} (2) 

where 

C = Alt/R*cos$¢ | 

k = (ue— m1) 

b = (we— us) R+ g ”_ 

g = (us— ms)t/cos 3 > 
Experimentally the magnitude of ¢ is such that g is small and in this case 
Eq. (2) reduces to 

i, «Cis +S’e"* *%}. (3) 
If now we take two thicknesses d, and d2; of 7(P + T is kept constant) and 


measure the corresponding values 7, and 72 of J, and also if we measure /, 
then 


C(i—e7*) 
oF an 14,;—12 (5) 





Ce~ *% + b) (1 —e~**) 


where d = (d,—d,) is the thickness of the aluminum transferred from the 
primary rays to the scattered rays. In the measurement of J the thick- 
ness of aluminum passed through by the primary rays is P + 7. It 
should be noted that 7 and therefore d; and d; include the thickness of the 
aluminum window of the ionization chamber. In Eqs. (4) and (5) all 
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the quantities in the right-hand members are experimental magnitudes 
with the exceptions of k and b. We now use Compton’s formula, Eq. (1) 
to determine 6 for a given angle ¢. By reference to curves of absorption 
coefficients plotted against wave-lengths we can determine both k and } 
which depend on the change of the absorption coefficient of the modified 
rays. Also it is seen that the ratio s’/s may be determined without a 
knowledge of C and therefore of J. 

Meruop II. The scattering coefficients, s and s’, can also be measured 
by scattering from the incident face of a thick block. In this case we take 
t = », The block is set so that its face bisects the scattering angle ¢. 
In this method the intensity J) of the primary X-rays penetrating through 
the air and a thickness P + T of aluminum and entering the ionization 
chamber when the chamber is set at zero angle is measured. Under these 
conditions 


I, = D{S + BS'e*"} (6) 
where D = Aly/2R?* ys 
Pg (ue—ps)R (6A) 





and 
1 + (ua— os) /2 us 


If we obtain experimentally two values 7, and 72 of J, for values d, and d, 
of the thickness 7, we have 


- kd 
49—-11€ 
S = ——_; 7 
D(i—e~*4) (7) 
and 
11—12 


> = pp ne) " 


where again d = d,—d,. 
The ratio s’/s can evidently be determined without a knowledge of D 
and therefore of Jo. 


THE MopIFIED AND UNMODIFIED SCATTERING COEFFICIENTS OF COPPER 

In a preliminary experiment X-rays of effective wave-length 0.40 ang- 
strom (determined by half value absorption in aluminum) were scattered 
by copper at ¢ = 90°. The ratio s’/s was determined by Method II, 
while the value of J, for a single thickness of T was determined by Method 
I, the value of J also being determined. ‘This enabled us to calculate both 
sands’. The results are shown in table 1. 


TABLE 1 
nN s'/s s s’ So s/So s’/so 
ANGSTROM cm! cm! cu! 
0.40 3.8 0.025 0.095 0.097 0.26 0.98 


In the fifth column of table 1 is given the value of s at ¢ = 90° for X-rays 
scattered by copper calculated on J. J. Thomson’s theory of scattering.* 





| 
j 
| 








520 PHYSICS: JAUNCEY AND DEFOE Proc. N. A. S. 


We might call s + s’ the total scattering coefficient whence we have (s + 
s’)/So = 1.24. 

Jauncey’s theory of the unmodified line‘ gives a method of calculating 
the ratio of the energy in the modified to that in the unmodified line when 
the K, L, M, etc., critical absorption wave-lengths of the scattering sub- 
stance are known. In the present case the theoretical value of the pro- 
portion of the scattered energy in the modified to the total scattered energy 
is 83.5 per cent, whereas the experimental value is 79 per cent. Too much 
confidence, however, must not be placed in this agreement as our experi- 
mental errors were not as small as we would have desired. In conclusion 
it should be remarked that A. H. Compton® used the methodof transferring 
sheets of aluminum from the primary to the scattered rays to determine 
the change of wave-length of the modified rays. Compton, however, did 
not use the method to determine s and s’. 

1A. H. Compton, Physic Rev., 22, 408 (1923). 

2 J. A. Crowther, Proc. Roy. Soc., 86, 478 (1912). 

3 J. J. Thomson, Conduction of Electricity through Gases, 2nd. Ed., p. 325. 

4G. E. M. Jauncey, Physic Rev., 25, 314 (1925) and 25, 723 (1925). 

5 A. H. Compton, Phil. Mag., 46, 897 (1923). 
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In the previous paper by DeFoe and Jauncey' appearing in this issue of 
these PROCEEDINGS, two methods have been described for obtaining both 
the modified and unmodified scattering coefficients of X-rays in matter. 
The same methods may be used for distinguishing and obtaining the 
fluorescent coefficient in addition to the two scattering coefficients. For 
instance, when X-rays fall upon copper part of the X-rays are scattered 
and part are absorbed. Of the absorbed rays part of the energy reappears 
as K, L, M, etc., characteristic X-rays of copper. We introduce the linear 
fluorescent coefficient per unit solid angle in a direction ¢ and represent it 
by f. The fluorescent rays have a different wave-length from the primary 
exciting rays and the problem is mathematically the same.as that for 
separating the modified and unmodified coefficients, represented by s’ 
and s respectively. Equation (3) of the previous paper becomes 


I, ran C{S fs Sle AT +d) fe fe BT +h) (1) 

















Voi. 11, 1925 PHYSICS: JAUNCEY AND DEFOE 521 


where the symbols have the same significance as in Eq. (3) of the previous 
paper and in addition 


ki = (ua— m1) 
by = (ue— ms) R+ gr (2) 
and £1 = (uy—ms)t/cos 5 > 


In Eqs. (2), us is the linear absorption coefficient of the fluorescent copper 
X-rays in aluminum, y;, is the absorption coefficient of these rays in copper, 
and yu, is the absorption coefficient in air. As in the previous paper, 
different thicknesses of aluminum are transferred from a position in the 
primary rays to one in the secondary rays. The thicknesses transferred, 
however, are much smaller than when s and s’ are separated since (u3— Mi) 
is very much greater than (we— 1). Hence the variation of the second 
term on the right hand side of Eq. (1) is small and we may therefore take 
the sum of the first two terms on the right side of Eq. (1) asconstant. Eq. 
(1) now becomes 


I, a C{K + fet t b)} (3) 


where K isa constant. It should be noted that in this formula 7 includes 
the thickness of the aluminum window of the ionization chamber. In the 
experiment of the previous paper the thickness of this window was suf- 
ficient to reduce the fluorescent copper radiation entering the ionization 
chamber window to a negligible amount. By finding experimentally two 
values 7; and 72 of [, for corresponding values d, and d, of T we obtain 
1ly—12 
i* Cen a FO) (ghd) (4) 

where d = (d,—d,). To determine f a knowledge of ki = (u3— 4m) is 
necessary. As py is an average coefficient of the K X-ray spectrum of 
copper in aluminum, the value of yu, may be determined experimentally 
by finding a third value 7; of J, for a value of T equal to d;. If d; is suf- 
ficiently great to reduce the fluorescent X-rays entering the ionization cham- 
ber to a negligible amount but still is so small that the intensity of the 
scattered X-rays entering the chamber is practically the same as if J were 
zero, then we have 





e~*4 = (Ih—13)/(i—Is) (5) 


from which k; may be found. 

Experimental Results.—Using primary X-rays of effective wave-length 
0.385 angstrom (determined by half value absorption in aluminum) and 
a thickness 0.0025 cm. of copper in the position of Method I of the pre- 
vious paper we find the value of f to be 1.27 per cm. at ¢ = 90°. As the 
intensity of the fluorescent rays is the same in all directions, the spherical 
coefficient F is 1.27 X 47 or 16.0 per cm. and the mass spherical fluorescent 


Ee 
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coefficient F/p is 1.80 per gm. The mass absorption coefficient yu/p of 
X-rays of wave-length 0.385 angstrom in copper is given by A. H. Comp- 
ton? as 9.0 per gm. Of this the true absorption coefficient 7/p is about 
8.8 per gm. and the ratio F/r is 20 per cent. On the Bohr theory, if all the 
primary quanta which are photoelectrically absorbed result in the ejection 
of K electrons, the ratio of F/r must be less than the ratio of the primary 
wave-length to the K critical absorption wave-length of copper. Hence 
F/r must be less than 0.385/1.38 or 28 per cent. This has been experi- 
mentally found to be the case. As our experiment was only preliminary 
in nature the accuracy of the ratio F/r is not great. However, our results 
shows that by far the greater part of the energy absorbed goes into the 
photoelectric ejection of K electrons. 


10. K. DeFoe and G. E. M. Jauncey, elsewhere in this issue of these PROCEEDINGS. 
2 A. H. Compton, Bull. Nat. Res. Coun., No. 20, p. 32. 





